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THE THEORY OF DUAL CONTROL, IV 


A. A. Fel’dbaum (Moscow) 


Translated from Avtomatika i Telemekhanika, Vol. 22, No. 2, pp. 129-142, February, 1961 
Original article submitted June 6, 1960 


A generalized algorithm is derived for the optimal strategy of a dual-control system for an object 
with several inputs and outputs, and a memory. An example is given of the application of the al- 
gorithm, In conclusion, we consider the directions that further development of the theory of dual 
control should take, 


Derivation of a Generalized Algorithm for the 





Optimum Strategy of Dual Control 





In the second paper of this series (see [1]), an algorithm was derived for the optimal strategy of a dual con- 
trol, where it was assumed that the object of control did not have a memory, and had one output and one input, 
We consider below a generalization of this theory to an object with a memory and with several inputs and outputs, 


The block diagram of the system we are con- 
sidering is shown in Fig. 1. All quantities will be 
assumed to be functions of a discrete time t = s 
(s=0,1,...,n). The controlling parameters 
Uys» Ugss « « « » Urs from the output of the control 
section A, arrive at the controlled object B through 
transmission channels Gy, G2, . . « » Gr, in which the 
useful signal is mixed with the interference com- 
PONENES Pic, Boss « o o » Bes» Fespectively, At the ob- 
ject B, the controlling quantities V4.5, Vos, » « + +» Vrs 
arrive from the transmission channels, Moreover, 
the object is subjected to the interference Z,, which 
is generally a vector, i.., it is the combination of 
interferences applied, perhaps, at various parts of 





the object B: 
Fig. 1. «= Z,(s, p), a) 
where # is the parameter vector 
= (Hi, Ha, -- +5 pm)- (2) 


The outputs X45, Xess « « « » Xs from the object B pass through channels H,, H,,..., Hz to the input of the 
control section A. In the channels Hy, Hg,... , Hz the interference hys, has, . . . » hys acts, and so the outputs 
Yas» Yass « « « » YZs from the channels generally differ from the inputs x4, Xgs, » « « » XJs to these channels, In the 
control section A, the quantities yys, Yes» »  » » Yz3 Cam generally be compared with certain given quantities 
Xf, Xf5, 26+, Xf's- In certain cases (for example, in obtaining the minimum of some quantity x), such a com- 
parison can be omitted, 


In particular cases, for certain inputs, there will be only one scalar quantity x, at the object output; such a 
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Fig. is Fig. 3. 


case is found in systems of automatic optimization, In other types of systems, the controlling action ug is trans- 
mitted to the object through only one channel, while several quantities xj, (i = 1,..., 1) are measured at the 
output, 


We introduce vectors made up of the values of our parameters all taken for the same time t = s: 


x; = (Zs, Les, eee, is), X, = (1s, Zes; eeey Lis), 
Y, = (1s, Yos, eee Ys), U, —_ (Uys, Ugs, eee Urs); (3) 
V.= (Vis, Vos, +++ Urs), G, = (81s; teey Brs); 


HH, = (hye, ..., Rus)- 


These space vectors must differ from the time vectors, which are denoted by lower-case letters: 


Kis = (Zio, Zin, +++, Lis), Xie = (Zio, Ty» «++» Lee); 
Yis = (Yio Yar - ++, Yis) = (6 = 1, 2,.-- Di (4) 
Uj = (ujo, Ujay +++ Ujs); Vis = (Yj0, Vian Vie) (j =1,2,...,F)- 


If this vector notation is used, then the system in Fig. 1 can be represented as in Fig. 2. 


The equations for the object B can have arbitrary form; there is the condition, however, that they must, in 
principle, be solvable, and so the vector X, can be determined as a function of the vector # and the vectors V;, 
(k=0,1,...6,38) 


X, = X,(p, Vo, Vi,..., Vy). (5) 


We will consider various particular cases, Let, for example, the motion of the object be described general- 
ly by the nonlinear, finite difference equations 


Tig ei = Fi, (8, Zs, Lis, ~~ + 5 Lie, Viey- ++ Ure) = F,(s, p, X,, V;) (6) 


Xo41 —_ F (s, p, Xs, V,), (7) 


where F is the vector with components F,,...,F;. When the initial values X, and VY, of the vectors X and ¥ 
are specified, then from this formula we obtain the vector 


X, — F (0, p, Xo, Vo) —_ F, (p, V,). (8) 
If we know X,, we can find the vector 
X; saad F (1, p, Xi, Vi) = Ff, (p, Vo, V;) 


etc, To sum up, we obtain a formula of the type (5) for the vector X;. 


As another example, we can use the block diagram shown in Fig, 3 for the object B, The parts B, and B, of 
the object are linear, with transfer functions 
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8 
ty, = > yx (S, 2) Vex; 
k=0 


The section B, is noninertial nonlinear, with the equation 





k=0 


Lg, = >) Ag (S, 2) Z2,0-n  * 


(9) 





Lon = F(s, p, 25). (10) 


The dependence of xgg on Xs is continuous and single-valued (but its inverse is not necessarily single-valued), 


From Eqs, (9) and (10), it is obvious that we can express X45, Xgg, ANd Xgg 88 functions of f and ¥, = (Voi¥y, oo os 
oo» Vs), L., we can obtain a relation of the type (5), 


We will first of all assume that such a relation has been obtained by some method or other, 
We introduce the space-time matrices 

















Uyo, Uys, +++» Ure Ujs 
0, — |" Wat ---» Ue = |"* =|U,, U,,... Us], (1) 
Uro, Uri, ---5 Ure Urs 
Vio» + + +» Vie Vis 
V, — — ne _ IVo, V;, eee V, |, (12) 
Vro, +++ 5 Urs Vrs 
T1909 + +s Zs Xis 
t= [=] t [= Xo-.., Xl, om 
Zig, «++, Lis Xis 
zo bibias z = 
. . . © . (14) 
sl EES Coed A db EEE. © 
Zip? *** 9 Zi, Xi 
Yio» +++» Yas Yis 
; ; ; (15) 
P,= |: : [am] i. [mf ¥e,..0, Kol 
Yior --+» Yis Yis 
We choose a loss-function for the system, of the form 
n 
WwW = > W,, (16) 
s=0 
where 
W, = W (s, p, Xs, Xs). (17) 


An explicit dependence of W, on B® can exist, For example, if in the system of Fig. 1 there is a unique 
Output x, given by 


Le = ria + >) 445 (Vis — Hi) (Mje — 5), (18) 
‘, j= 


where a;; = Const, vjg is the input to the object, and the second term on the right-hand side of Eq. (18) cannot be 
negative, then the minimum possible value of x, is ';4 4 (for vis = #4). The deviation of x, from the minimum 
is given by the difference x,— 1,4 4. In the given case, we can therefore take W, = x,— [t+ 3, and demand the 
minimization of the mathematical expectation of the corresponding quantity W, 
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Let the a priori probability density for the vector ff be given, let it be denoted by P(# ) = Py), and let the 
probability density P(gj,) (j = 1,..., 1) also be given, We will assume that the P(g.) are independent of s and, 
generally speaking, that they are different for different values of j. In the same way, let the probability densities 
P(hys) @ = 1, ...,2) be independent of s and different for different values of i. 


We will assume that the channels G and H have no memory. Therefore, 


Vig = Vj (je, Ujs), Yis = Yi (his, Tis). (19) 


If we have the above information, we can find the conditional probability densities P(y,|x,) and P(vs| us), 
and also P(¥,|X,) and P(V,|U,). We can then find the conditional probability densities 


P(yslx.) =]] P(ys|z.), — P (ves) = I P(v,|,), (20) 
i=0o 


and also the conditional probability densities Pp(Y,|X,) and P(V,| Us). 
The algorithm for the controlling section A of the system is characterized by the probability density I’, of 
its output vector Us, which, generally speaking, depends on all the previous inputs of the controlling section: 
P, (U,) = lr, = ie (U,] X,, me U,_,). (21) 
We pose the problem of finding a sequence of functions Tj (i= 1,..., 1), and an initial probability density 
I’, = P(U,4), such that the risk R is a minimum, where R is the mathematical expectation of the loss-function W. 


We can write the expression for R in various forms, We give below an expression for R which has a form 
which is the most convenient for finding the optimal strategy, This expression is a generalization of a similar 
formula, given in Section II of the present series of papers. The method of derivation that we use here is some- 
what different — it is shorter, but somewhat more formal, 


From the equalities (17) and (7), we obtain 
W, =W Is, p, Xs, Xs(s, p, V)] = W (s, , X;, V). (22) 


We will limit our derivation of the expression for R to the case of a fixed matrix Xt. Let the general con- 
ditional probability density P(#, U;, Ves Bye i1XD for the coupled random vectors and eunatecs be known. 


Here ¥,., occurs, since, on the basis of (20), U; is related to ¥,.4. Then the specific risk R,, correspond- 
ing to the instant t = s, is 


a \ W (s, p, X;, V,) Pp, Ue, Vs, Pe1| Xs) dQ (p, U,, V,, F,_,) (23) 
2 .0,, V_. > es) 


Further, if we use a known theorem concerning the multiplication of probabilities, we obtain 

Pp, U,, V., Yo1| Xs) = P (p) PV, Ui, Pos ip, X-)- (24) 
Here we assume that pf and X3 are independent, 
We consider the second factor on the right-hand side of (24): 


P(V,, U., Yoalp, X:) = PO. P25 \p, X) V.|0., P+, p, Xs) = 
= PU,, Y._s |p, Xj PVT, , 


since the probability density of_the matrix V, is completely determined for one fixed v, only, and supplementary 
information concerning § and X¢ does not change it. 


(25) 
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Further, 
P(U,, Y,_4|p, Xs) = P (Uo, Yo(w, Xo) P (Us, Yilm, Uo, Yo, Xi) % 
P (Uz, Yo|p, Uy, Y,, Xs)... P (Ue Yelp, Oa, Vea, XE)... 
P(U,_1, Yo-1| p, Ur, Foul > a P(U, |p, _ = ee Xi). 
We consider a typical factor of this product (0 < i < s): 
P (U;, Y;| p, Ui. ) Xi) - 
P(Ys|p, Uy, Mis, Xt) Pip, ra, Pra, Ki) = (27) 
P(Y;|i, p, OTs (Us| Oa, Pins Xi). 


_ The probability density Yj is actually determined for fixed # and Uj, and the supplementary fixing of %j- i 
and X} does not change it, 


(26) 


_____‘ The second factor is 'y — the probability density of Uj (see [21]}), which depends only on th - 1» Yi- a» and 
XJ. We note the fact that, in the formula for P (Yj), it depends on i. 


If we substitute (27) in (26), we obtain 


a a1 
PU,, Ps\p, X) = J] Us T] Pili ow, D0. (28) 
i=o0 ix=0 
Here we set 
I’, = Py (Uo, Xo). (29) 


We now substitute (28) in (25), (25) in (24), and (24) in (23), and the expression for R, becomes 


s—1 
R, = W (s, p, X» V,) Pp) PW, 10.) LL Peli, p, Ud 
2@.V,.0,, %r—1) i= (30) 
I] bis] Ou, Vin, Fi) dQ , Ve, Ws, Yo). 
i=0 
The general risk R is given by 
fap y R,. (31) 
s=0 


In the particular case when the object B has one input and one output, the space-time matrices in formula 
(30) become time-vectors, and the space vectors become scalars, The expression (30) now takes the form 


s—1 
R= WO, 2a, va) PH) P (vol) J] Pole, we, ) x 
Q (PB, Vg. Ug» Ye—) {=o (32) 
6 
[] Ts (@e| a, ye, x1) dQ (p, Ve, Ue, Yo). 
i=9 
Even this expression is more general than formula (40) of the second paper of this series, Actually, W de- 
pends here not on the scalar vs, but on the vector ¥s, and, because of this, it is necessary to take into account the 
probability density P(v,|u,). Moreover, P(y;) depends here not on the value of uj, but on the vector uj, 1¢., on 
all the “previous history® of the input to the object B, 


In order to determine the optimum strategy, we consider, as in paper II, the specific risk Rp, and assume in 
the meanwhile that the probability densities T; (i = 0,1,...,m~— 1) are fixed, We set 
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Ay = Oy (U,., ) Sa X;) = 


k~1 (33) 
W i(k, B, Xi, 7) P (p) P (Vi. Dy) I] P(Y; |i, B, U,) dQ (pf, V,). 
2 p, Vy) : ime 
For k = 0 we set the quantity |] P (¥;) equal to one, We also set 
i=0o 
k 
Bx = Bx(Ox, Xe, Yaa) =] Te. 34) 
i=0 
Then 
R, = ( An (U,, X;,) Br T',dQ (U., Feuc) = 
a(U,,. ¥,_1) 
° ) 
\ Bn—1%n pa pe X;) dQ _ pie omen " 
where 0 On Pn—a 
Kn On, Tides x) Tr 
\ din (Uns Ons, Prt» Xn) Vn (Uny Una, Prt, Xn) dQ (Uy). (36) 
2(U,) 


We now take into consideration the fact that the choice of I’), as for all the probability densities, must 
satisfy the condition 


Pn (Un, Ona, Yn—1, Xn) dQ (Un) =1. (37) 
a (U,_y) 


It is necessary to select the quantity I’ y, satisfying condition (37), so that the quantity R, is a minimum. 
But this latter quantity will be minimized, if,for any Up. , and Y,- ,, the quantity x p is minimized, and this will 
be ensured if we choose 


lr, = 6(U, — U,). (38) 


Here 6 is the unit impulse function, The quantity U5 is determined by the condition 


%n = An (U;, Wnty ) X;,) = min a,(U,, ae Aa X;). (39) 
U,E2 (U,,) 
It is evident that 
Un = Un (On, Pua, Xn)- (40) 


Therefore, the optimal strategy I’, is not random, but regular, The choice of the optimal controlling ac- 
tion U5 is given by the formulas (39) and (40), 


In a similar way, when we consider the sum of the terms Ry~ ; + Rp, and then the sum Rp-2 + Rn-;+ Rn, 
etc., we can find the optimal strategies Ty (i =n-1,n-2,...). A similar proof was given in section II of [1], 
The result is the following: we introduce the function 


Yn—k = Sn—e + \ Yn—n419Q (Yn_x), (41) 
Q (¥n—x) 
with Ya = an, and 
Yn—k = (Yn—x)U,_x =U), (42) 
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and the value of U5 - , is obtained from the condition 


Yn—k (U;_2, Centiuns , X,—-x) = 


min U,—x, 0 _ eT (43) 
eT by pel n—kr Un—n—a» 1 n—k—1) Xn—) 
Then the optimal strategy Tp . ;, is given by 
P—% = 6(Un_» — Us_s), (44) 


ie., it is regular, where U5 . ;, is obtained from condition (43), and is a function of Ua -k-4> Yn -k-1» and Xf - ke 


If, as in the first part of paper II of this series, the action Xf, . , passes through a noisy channel before enter- 
ing the control section A, then the optimal strategy becomes more complicated, since it is necessary to include a 
method for calculating the a posteriori probability density Py) -,(X}-). The quantity must be calculated by 
taking into account the preceding values of X},-k-{ 4 >0), i.e., all the matrices X},-,. Therefore, in this 
case, I’ _,, will depend, generally speaking, on all the matrices X},~,- In posing such a problem and result, we 
refer to the case when the aim of the control is not completely explicit, and this alm becomes clearer and clearer 
during the control process, 


An Application of the Generalized Formulas 





As an example of the application of the formulas we have derived, we will consider the problem of synth- 
esizing an algorithm for optimizing the control section A for a system of automatic stabilization, The block dia- 
gram of the system is shown in Fig. 4. The controlled object B consists of a part B, that possesses a memory, and 
a part B, that has no memory, The equations for these 
parts are: 





v,= >> AKVs—x3 t= pb + Ws. (45) 
k=0 











Here a, are given constants, and # is a random 
quantity with a given a priori probability density P(«) = 
= Pot), The general equation for the object B can be 
written in the form 








t,=p+ 2 OyV ox. (46) 
=0 


The sequence of independent random variables gg all have the same probability density q(g,). The functions 
P(t) and q(g,) are given by the normal-distribution formulas 


alps ES mh sain Sin se a ae 
PW) = ye oP (—-Er)> 960 = ye oP (-Ge)- (an) 
The quantity u, is added to the noise g, in the block G, The output of this block is 





Us = &s + Ug. (48) 
We will write the specific-loss function in the form 


W, = (a. — 2)’, (49) 
and the general loss function will be 


W =>) W.= > (uo —2)*. (50) 


IM: 
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In the particular case of systems with one input and one output, from formula (33) we obtain for the func- 
tion & the expression 


Oy = Oe (Uy, Yer, TZ) = 


k-1 
| wee wah 1) PW) Prem) T Pit, ws wp dQ, vy 7 
Ae, Vx) i=o 
In the example considered, 








on = \ (p— 2, + 5} 0,01») exp am f ) P(velme) x 


Ap. Vr) Sy V 2x 4 
ka 
Il P(y|i, p, usd)dQ(p, v,). (52) 
i=0 
We will now find expressions for P(¥v;,| uy) and P(y;|i, u, a4) 


It follows from (48) that 
4 (%— u,)* 
—=- exp | ———__—__|.. 
VE a (53) 
From the independence of the random variables g; (i = 0,1, ..., k), it follows that 


k 
k p> (v, = u,)* 
4 i=0 
P (vy, | ux | = [I] P @lu) = Tr «exp | — ~~ ‘ 
t=2 oe (2x) » g 


P (| wi) = 9 (Xi; — us) = 











(54) 


We now find that P(y; |i, #, uj) = P(xy |, aj). This change in notation follows from the fact that in the 


example we are considering y; = xj, instead of the vector ff we have the scalar 1, and, finally, the object of con- 
trol is independent of i, 


It follows from (46) that 
{ i 
_{—-p= > a,Vi-p = z Vp » (55) 
p=0 e=0 
where 
Vo = ApVig = Ap (Ui-_p + Bip) = ApUiip + Ap8i-». (56) 


From this it is evident that the quantity v ) is normally distributed, with a mean value ap uj-p and a vari- 
ance (a pop) Since uj. and # are taken to be fixed, and the values v p are independent for fixed u;_,, it isnot 





difficult to show that x; is also normally distributed with a mean value bes 
i 
(i)mean =P+ Dy Selti-p (57) 
e=0 
and a variance 
i i 
of = >} aot = oF )} a’. (58) 
e=0 e=0 
Therefore, 
i 
2 
| Gok) | 
P == - _ = ; (59 
(|p, w) Vin 233 
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The substitution of the expressions (54) and (59) in (52) yields 


Ay = Ap (Ux, Xk—1) x.) - 
Alp, Vz) 


y? ‘ 5 (v,— u)*, 
xP (— 22] ar exp |— = = 





ao a, + Yoon) Vi x 











okt (2x) 2 g (2m) td 
‘ 
k-1 (4— oe >) a,M») 
exp|— >) = dQ (py, Vx). (60) 
imo 


If the object has no memory, and a) = 1, a) = 0 (p > 0), then it is not difficult to show that the expression 
becomes formula (8) of paper III of the present series, 


On the basis of (58) we can write 


k—1 k—1 i B® 


I] «=o I] (> a2)" = ok A, 4 (61) 


i=0 i=9 p=0 
where A, - , denotes the product, 
Formula (61) can now be written 











° i 
Ap = Ay (Ux, —f 9 =e 
k x ( ky Xe—y x.) ook A, (2n)*+4 x 
pP=0O _—=00 D_ m=O a 
° ale . 2 
p=—CO vy==—CO Rex: ads + 2 @jVp-;)* X 
k i * 
k > (2; — u;)* —_ (2, —p— > a5») 
exp _ ph j=0 i > e=0 dy dv d 
oO -++ GAd,y. (62) 
20 205 i=o 204 
In this integral, the quantities x}, optin are parameters, We make a change of variables, and introduce 
the new variables Aj and the parameters x i Xx 0) By = 4» Ck 4, and Dy- g 
B 
j= ay-3(4j—u) (f=0,...,%, Ie =p—ae (63) 
H=P  * 


k i 
. . 7 : 
xo = 2. — D} aes, x) = 24 — >) ay_ ju (i=0, ..., &— 14), 
j=0 j=0 











=f ‘yet ‘ 
Bri= 2 3} ’ Cam 7 (Bat a) >% 
k—1 
(xf) B,_ 
D a= as 1 ita ‘0)* 
oe | 2 233 > 0, E, 2C,, : aff 
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Then, after transformation, the formula (62) becomes 


k—1 





Bh, 
exp |— Dy_, + “x... Keveres k=O ( k+1 
i 


k *-f 
(Il a )o.c FAA, (2a)EFE dees Map y—oo imo 
j=0 


k 


exp (— A; 3) Chatty.) dheddy ... dhyd ets = 
25% i=0 


Bi. \ 
exp (- Dy_y -} er 
Z k—1 ) Tp. (64) 


(IL e-))9,9f 4a en 
j=0 





The integral 1, can be reduced to the following form (see [2], p. 238) 























a+ 
(2n)* (V2c,)ht4 4 a t\! 
Ipins Te ony (t + E,)* exp [- (=) ae, (65) 
where 
@ = 2o3(k+1) +o. (66) 
Since we have 
co 
\ (t + E,)* exp | -- (G)' dt =0Vx (> +Ei), (67) 
then it follows that 
Ay 
gh tigktt (x) 2 . { ‘ 
ox (68) 
A Vo.3 [os (& + 1) + we + Hi). 
If this expression is substituted in (64), we obtain 
Bis ) i 
exp (—p + [ce + +55 — +83] 
i dee “e a * 4C,_, , 2C,, © *] ; (69) 
(II “,;) 9,954,_(")* VOq_, 
j=0 
In this formula, only E;, depends on uy, since 
i 
By . ; = (* —2 -# i ae 
Ey = 20,4 — af on x. 2 = — x + > A, jj. (70) 


From this and (69) it follows that the minimum of a, relative to up is obtained if uf, is such that Ep = 0. 


Therefore, ‘ 
nl (= = » a,_;%5) n—1 
6 4 e 4 ; K 
erste BG Baloo 


where K, denotes the quantity in the square brackets, 
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The optimal strategy in the nth cycle has thus been obtained, 


In the transition from n to (n— 1), we must integrate y § = &}, with respect to xp - 4, add the function &p., 
to the integral, and then find the value of uf, - , that minimizes the resulting expression, It is clear from (69) 
that for En = 0 the function &p depends on up - ;, since this quantity enters into the expressions Dy, . ; and By « 4. 
However, when we use the substitution 


n—1 
Sn — Dy Gn—s—jitj = 2), (72) 
j=0 
oo 
and integrate with respect to the new variable x(o) 1 in the range (—op, oo), we see that \ 1, d2n-1 does not de- 
—oo 


pend on uy. 4. Therefore, the minimizing of y ,~ , with respect to up~, reduces to the minimizing of a, ., with 
respect to un-4. Similar reasoning shows that, in general, u, can be obtained by minimizing 4, and this re- 
duces to the condition Ex = 0, From this we obtain the optimal strategy in any sth cycle 


i 
s—1 (=— > a_ 5) —1 


ue E ae > * <u py ats |= e ’ 73) 


8 1 ing j=0 








where K, denotes the quantity in the square brackets. 
The physical sense of the solution we have obtained becomes clearer when we note that 


i 


p= 2—w=m— ») Yj = 
j=0 


i i i 
x — 2) m4 (uj + gi) = (x —) a;_jitj) — >) org. (74) 
i=0 j=o j=0 


The last term in this expression is random, and its variance depends oni, The expression in brackets is the 
mean value, Thus, the second term in the formula for K, gives the value of the random quantity #, The various 
results of measuring # enter this value with different weights, since the variance is different for different measure- 
ments, 


The last term in the formula for K, represents the mean value of the results of the previous action uj (j < 5), 
which still has an effect because of the presence of the memory in the object at the instants, It is natural that, 
in the determination of u$, this residue must be taken into account, Thus, all the terms of the formula (73) have 


a Clear physical meaning. 


It can be shown that when ap < a), where |€| <1, and for a sufficiently large value of s , the middle 
term in the formula for K, reduces to 


He i 
+2 (2. >= > a,_;u;), 
i=o j=0 


i.e., to the arithmetic mean of the measurements of 1 . 


In principle, we can extend the results we have obtained to the case of a continuous system. If, in the con- 
tinuous case, the coupling between w(t) and vit) is, for example, described by an equation for an inertial link with 
transfer function (1 + pr,)"*, then 


w (t) = \ b(t) v(t — 1) dr, (75) 
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where 
i t 
b (t) == Tr, exp (— F) ° (76) 


In order to make this problem discrete, we set 


w (t)= 2 b (t,) v (¢ —t,) At = x a,v (t —t,) = y AV <9; (77) 


e=0 
where 


(78) 





A 
= b(t,) At = exp \- - } 


If we substitute the values of ap in the formula (73) for the optimal strategy, let At tend to zero, and set 
sAt = t, we could obtain in the limit the optimal strategy for the continuous case, as in the example in paper III 
of the series, However, as is also clear from physical considerations, such a limiting operation causes a) > 0 and 
the quantity uf, in formula (71) to tend to infinity, The same result is obtained for the other u, as well, But, for 
real physical systems, only those solutions for which the value of u, is bounded have a meaning. We must there- 
fore introduce into the discrete case a further condition, for example, of the type 


|u|<M. (79) 


With this condition, however, the optimal strategy changes, For example, instead of (71),we must write 


us K, K 
<M, u,, = sign —— for |= 


n 
oe = for 




















1 


The investigation of this problem shows that now Jy, dxp- 4 depends on up. , and this results in a very 
much more involved calculation, 


SUMMARY 
The basic content of this series of papers on the.theory of dual control is as follows, 


A. A new, very general, and practically important problem has been posed, This problem reduces, in its 
essentials, to that of finding an optimal method of control in an indefinite situation, with incomplete a priori in- 
formation concerning the object of control (or even concerning the aim of the control), in a closed system with 
active accumulation of information. 


B. A general method of solving this problem and certain of its generalizations was found. This method 
consists of a succession of alternate minimizations and integrations. 


C, Examples were given, from which it followed that only in very simple cases could the solution be com- 
pleted without the use of computers, In the general case, the control section must contain a very complicated 


computing device. 
The further development in this region was considered, and the following conclusions were reached, 


1, Generalizations to cases not yet investigated, Thus, for example, the general solution obtained for a 
fixed number n of cycles can be extended to include the case when the number of cycles is not fixed beforehand, 
Examples were given of this in papers II and IV, The extension to the problem of minimizing the time of search 
is also possible, For example, let W, = 0 for s < n, i,e,, the weight of the risk is Ry. Then, without fixing n, we 
can find an optimal strategy U$ = U$ (U;~4, Ys - 4» X$), such that the number of steps n is minimized, as a re- 
sult of which the risk R, is less than, or equal to, a certain given quantity, The method of solution of this pro- 
blem is based on formulas obtained for fixed n, but the general method of solution is more complicated than for 
fixed n. 
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It is also of interest to extend the results to the establishment of a regime that has properties equivalent to 
the consideration of a specific risk of the type 


, 1 
R= lin——- i 2 R.. (81) 


neo ®§ + 


Related to this extension is the interesting problem of finding in what cases, with an infinite number of trials, 
can complete information concerning the object be obtained, i.e., to obtain the limiting a posteriori probability 
density P, (jt) in the form of a 6 -function, 


Finally, it is interesting to generalize to a continuous system, This does not present any insurmountable 
difficulties if we do not demand a rigorous approach, Then the method of calculating the set of functions y $ 
(s = 0,1,..., 1m) reduces to the solution of a partial differential equation, The idea of taking such a limit exists 
in the literature (see, for example, [3,4]), One must, however, take into account that, in the case of digital cal- 
culating devices, the problem must again be made discrete, 


2, The search for practical methods of constructing systems that approximate closely to optimal, This can 
be related to approximate methods of solving the equations obtained for the strictly optimal strategy by investi- 
gating particular types of systems, and establishing their degree of approximation to the optimal solution, This 
region of development is very important, since, in complex cases, the exact solution is inapplicable in practice 
because of the complicated computing devices that are necessary. 


Finally, other basic problems can be posed, and these will lead to new methods of investigation, and new 
results, 


The present series of papers has therefore described only the first necessary stage of investigations into new, 
very interesting, and promising regions in the theory and technique of automatic control, 
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A TWO-CHANNEL SERVO SYSTEM WITH ANTISYMMETRIC FEEDBACK 
IN THE CASE OF RANDOM DISTURBANCES 


A. A. Krasovskii (Moscow) 


Translated from Avtomatika i Telemekhanika, Vol, 22, No, 2, pp. 143-156, February, 1961 
Original article submitted May 24, 1960 


The usual methods of analysis for random stationary processes in linear systems are generalized to 
a system with complex transfer and weight functions, 


We investigate the statistical dynamics of two-dimensional systems containing a relay ele- 
ment in the ac channel, Structural circuits are obtained for the mathematical expectations and 
random components of the coordinates of such relay systems, An estimate is made of the effect 
of suppressing wideband noise in relay self-oscillating systems, 


In [1,2] we considered the dynamics of two-dimensional linear and relay systems with antisymmetric feed- 
back for control systems in the presence of disturbances, 


The aim of the present paper is to investigate the statistical dynamics of such systems, We first of all con- 
sider linear, stationary systems with complex transfer functions, under the influence of random disturbances, The 
usual method of investigating stationary, random processes in linear, one-dimensional systems is easily reduced to 
this case, 


Further attention will be concentrated on the statistical dynamics of two-channel servo systems with a relay 
element in an ac circuit, The basic mode of operation of such systems, relative to the mathematical expectation 
of the coordinates, is a self-oscillating regime. 


In the case of Gauss noise at the input of the relay element, a method is indicated of determining the self- 
oscillation parameters of the mathematical expectation where this method uses a structural circuit for random 
components, and the effect of suppressing the noise in the self-oscillating relay system is estimated, 


1, Linear Stationary Systems 





We consider a linear, stationary, two-channel system with the block diagram shown in Fig. 1. The anti- 
symmetric, crossover feedback is indicated here by dotted lines. 


The complex input to the system consists 
of a useful component Xj, = x{p + jxj, and inter- 
ference fy = f§+ iff. In addition to the quanti- 
ties Xj, and Fy, a further v disturbance fj = 
= fj+iffG@=1,...,v) is applied at various 
points of the system, All the quantities Xj, fo» 
and },, will be assumed to be independent, cen- 
tral, stationary random functions, reducible to 
white noise, This means that all these random 
functions, including the useful component of the 
input, can be represented in the form 




















zin=Wingin fi=Wyft (=04,..., 9), (1) 
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where Wi, and W +. are, in the general case, complex transfer functions of the so-called forming filters [3], and 
Zin and § are independent, centered, random functions with constant spectral densities (white noise), When we 
use the rules for finding the complex transfer functions linking the two-channel circuits [1], we obtain 


1 - W ; 0 % = 
Az = — Tw Fin t izw/o + 2 res ae (2) 


for the block diagram in Fig..1, where Ax = Xout ~ Xin» W is the complex transfer function of the system open 
relative to external negative feedback, W; is the complex transfer function from the ith input (the quantity f,) 
to the output of the system (the quantity xour = Xgyp + IXSut )- 


When we take into account the transfer functions of the forming filters (1), the expression for the error takes 
the form 
I i 
ra > Sin + 4 vy 8 + >} 8i. : 
i+w ifw %o) 4 tFW (3) 


The impulse transfer (weight) function of the two-channel system for the ith input is the name we give to 
the reaction of this system to the action of a unit impulse at the ith input. By the action of this impulse, we mean 
that the function acts on only one (real) channel of the system, However, the case of the simultaneous arrival 
of an impulse at both channels 


Fi = a8 (t) + 7b5 (0) 


can very simply be reduced to the above case, by adding an amplifying circuit with the complex transfer function 
a+ jb, The impulse transfer function of the two-channel system is a complex function of a real variable — the 
time: 


k(t) =k (t) + 7k". 


The real part k(t) gives the reaction at the output of the “real channel, while the imaginary part k"(t) 
corresponds to the reaction at the output of the “imaginary® channel, 


We call the reaction to a 5-impulse, when the forming filter is taken into account, the generalized impulse 
transfer (weight) function, Thus, the generalized complex-weight functions of the system we are considering cor- 
respond to the transfer functions in the expression (3): 


ww 


Win i 
i+W 


k®)~-a9 k; (t) ~ (i, 0, 6... Sein OR (4) 


Either directly, or by conversion to a real variable, it is easy to see the justification of the usual representa- 
tion of the outputs in terms of complex weight functions: 


co » @ 
Az (t) = \ k()8,(t—Dde + ¥ \ Ky (x)gu (t — 2) dr. (5) 
0 i=0 0 
If we replace j = 4=1 by —j in the complex variables, we obtain 
ro) » @ 
Ba* (t) =| F () Hint —Yde t+ ¥\ Hwa e—Dar, (6) 
0 i= 0 0 
where the star denotes the complex conjugate, 
The mathematical expectation of the product X(t)x* (t"), as in [4], is called the correlation function of the 


complex random function x(t), The variance of the centered, complex, random function x(t) is equal to 


M[X(t)X* (t)}, We multiply the expressions (5) and (6), interchange the order of integration, and carry out the 
operation of calculating the mathematical expectation, Then, if 
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M [Bin (t—*)gin(t —*’)] = Sind (t§— 7), 
M (gs (t—t) g(t —t’)] = §4(x —1’), 
Mia(t—r)gg(tt—v)]}=0 (i), 
M (gin (t — t)gi (t —v’)] = 0, 

where Sin and S; are the spectral densities of the white noise, we obtain 


D=M Bat) he" ()1= Sin \ k(x) (x’) 8(t —v’) de de’ + 


+> St [Fe (u)ki (e') 8 (e — 1’) dear’, 
or imo 00 
7 (7) 
D = SinTin +> Si, 
where i=0 
lin =\\k (x) Par, I, =\ a(n) Pade 
® 0 


are the integral squares of the generalized complex weight functions, 


The expression (7), and all the previous relations, are analogous to the corresponding expressions for one- 
dimensional (one-channel) systems, and degenerate into the latter for real weight or transfer functions (independ- 
ent channels, the absence >f crossover feedback), 


The following geometrical interpretation of the integral-square measure of weight functions is of interest, 
The complex weight function k(t) = k"(t) + jk"(t), in the three-dimensional space of k", k", and t , corresponds to 
a space curve (Fig. 2). 


The volume of the solid of rotation formed by rotating the space curve corresponding to k(t) about the 
time-axis is 


co ioe} 


J (k(t) + KO) deal [k (¢) dt = alin. 
0 


= 


Thus, the integral measure of the complex 
weight function coincides, up to a factor 7, with the 
volume of the solid of rotation swept out by the 
curve corresponding to this function, when it is ro- 
tated about the time axis, 


The integral-square measure of a complex 
weight function is equal to the sum of the square 
measures of the real functions k* and k", and for a 
system with lumped parameters (having rational- 
fraction transfer functions), this integral-square 
measure has an analytic expression in terms of these 
parameters [5,6]. 


For suitability in calculation for systems of 
high order, it is more convenient to determine the integral square from the corresponding frequency characteristics, 


. If we denote the complex transfer function corresponding to the weight function in question [for example, 
k(t) = k(t) + jk"%(t)] by 








Fig. 3. 
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®(D) = ©'(D) + jO"(D), 
where D = d/dt, then, from known expressions, the integral measure will be 


co co oo 


\ epede= | W (pyrde + \ [k’ (t)]? dt = 
+ [(\o (jo)|*do +{ |" (jo)|*do] =. ((P" + Q7 + PA + Odo, 


where P and Q are, respectively, the real and imaginary parts of the characteristic 


©’ (jo) = P’(@) + jQ’(@), — O" (jw) = P” (@) + 7Q’ (@). 


But 








AN y one Sit 0) — O1— 
P’ + jP’= fo) 59K jw) Q’ + jQ" = Lu ait jo) 


Therefore, 











*+| ® (jo) =< j@) [') do Bs 


co co 
\ | Kj? dt = = \ ( Se) OC fe) 
 / 


i) 


1 
an { [ {ed +1 (- jw)f* Jaw, (8) 


If the transfer function #(D) is real [#"(D) = 0], 
cost +p) | i.e., the system consists of autonomous channels, then 
Tout 


| @ (jo) ? + | O (— jo)? = 2| O (jo) |? 
j and the expression (8) takes the usual form 
Tout co 


Ee SL(Rt +g) \ k*dt = mal | ® (ja) |? do. 
0 


ei 0 






































"7s Example. In Fig. 3, we show the biock dia- 


gram for a linear, two-channel, servo system with 
modulation, If the ac channel is assumed to be noninertial for the envelope, and we neglect demodulation har- 
monics, the influence of which is small for a sufficiently high carrier frequency [2], then the complex transfer 
iv 
function of a system cut off from outside feedback is W = < - The phase-shift ¢ can be determined both from 
the phase-shift of the carrier signal (Fig. 3), and from the phase-shift of the carrier current in the ac channel, 


If we represent the useful signal xjp as white sound filtered by the inertial circuit with constant time T, and 
assume that the interference f » is white sound, then we obtain 


1 
Win =TTTD° W, = 1. 





The expression in (3) is, in the present case, 


ke?® 


nae D a 
D + ke’ sl 


Az = — (+ TD)(D + ke™) 





Bin + 


If we now separate the real and imaginary parts of the transfer function, and apply the formulas for the in- 
tegral-square measure [6], we obtain 











1 kT +- cos @ F 1+ 2cos?@ 
in ~ 27 cos@ 1 + 2kT cos @ + k*T* - ome 4 cos @ 


Thus, the variance of the lack of correlation is equal to 





I 


as: Sin kT + cos @ + S,k 1+ 2cos’@ 
2T cos@ 1+ 2kT cos@ + A?T? 4 cosp 





Only the case when the amplification coefficient is sufficiently large is of practical interest, ie., when 
kT >> 1, In fact, for kT < 1 or kT * 1, the variance of the lack of correlation D, even for S» = 0, is of the order 
Sjn/ 2T, which is of the order of the useful signal, i,e., the servo system does not fulfill its basic function. 


For kT >> 1, the formula simplifies to 





Sj Sok (1 
Oy ee 0 ( 2 
2kT?*cos@ 4 cae * cos @) . 
It is easy to see that D has a minimum for ¢ = 0, k = kopt = 1. “Sin and this minimum is 


T 35, 





(9) 
1 3 ce 

Din= sy 3 Soin 

For an optimal amplification coefficient, therefore, the greatest servo accuracy is obtained in the given 


example when there is no crossover feedback between the channels (¢ = 0, see [2]), 


It is interesting to note that, for an amplification coefficient greater than optimal (k = Kopt), the minimum 
of D occurs with a definite crossover feedback, Thus, for k >> Kop, the minimum occurs for ¢ = 1/4, 



































Fig. 4. 1) Modulator, II) ac channel, III) demodulator, IV) two-channel 
part of the circuit, 


2. Servo Systems with a Relay Element in the ac Channel and a 





Two-Channel, Very Low-Frequency Section 


The rather general diagram of the system considered in [2] is shown in Fig. 4, Random, independent inter- 
ference acts both on the input modulator (f,) and on the ac channel up to the relay element (f;). 


In order to study the statistical dynamics of such a system, we can apply the approximate method of sta- 
tistical linearization [4,7,8]. It is obvious, however, that this method cannot be used to clarify certain delicate 
but important effects of nonlinear filtration, In the case of centered Gauss noise and a relay element with a per- 
fect Z-shaped characteristic, we will make an attempt to obtain a solution to the problem that is accurate in the 
initial stage, and that will be subsequently simplified. 


We will represent the input x to the relay element as the sum of the mathematical expectation x), and a 
centered random function x,. 


The mathematical expectation of the output from the relay element for a norma! distribution of x, (Gauss 
noise), as is known [4], is 
; z 


Yu = M (y) = M {sign (tu + % )] = 20 (v=) ’ (10) 
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where @(z) = 7S \ e * is the probability integral and D,, is the variance of the noise xp. 


0 
x 
A graph of yy against _ is shown in Fig. 5, In this connection, the block diagram for the mathematical 
n 
expectation is shown in Fig. 6. 


From the form of the characteristic of the 


Yy,"2P/ 4 ) nonlinear element for mathematical expectations 
1 it is evident that, according to the mathematical 
ust expectancy, the system can be both self-oscillatory 
06+ and nonself-oscilliatory and practically linear (for 
04+ small deviations), 
a2y We show below that, from the point of view 


of the possibility of suppressing noise, the self- 
oscilliatory (for mathematical expectations) regime 
of operation of the system is most suitable, 


The conditions for causing self-oscillation, 
and the corresponding parameters in the block dia- 
-10l gram in Fig. 6 can be determined on the basis of 

a special form of the harmonic-balance method 
that has been described in [2]. It is shown in [2] 


Bs 20-16 “2-8-0 








Fig. 5, The relation between the mathematical ex- 
pectation of the input to the relay element and the that the harmonic-balance method for two-channel 


thematical tation of . systems with modulation tends to become exact for 
poe iy Kiama s+ saan , very large values of the carrier frequency 2, 


For the application of the method, it is neces- 
sary to find the amplitude characteristic of the 
nonlinear element for mathematical expectations, 
i.e., the ratio of the amplitude of the first harmonic 
of the quantity y)4 to the amplitude of the harmonic 
output of the quantity x,y4 = Xp) sin wt; 
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A graph of the relation between Wy;/D, and d is shown in Fig, 7. For values of d much larger than one 
(the amplitude of the self-oscillations will, in this case, be much larger than the mean-square noise-amplitude), 
aa ae ee 
TdDad - Ford << 1,wehave d<i Wat — = 0,8. 


The parameters for self-oscillations of the mathematical expectations for Xip 1m = 0 (or Xjn,m = Cost) are, 
according to [2] and the block diagram shown in Fig. 6, given by the relation 


d= 





we have Wy * 


Wi (ja) = — W;", (11) 
where 


Wi (jo) = + W (jo) Wj (@-+ Q)) Wali @ + Q)) 
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is the amplitude-phase characteristic of the linear section, and W(D) is 
the transfer function of the two-channel section of the circuit, The 
graph corresponding to this is shown in Fig, 8. 


From the relation (11) and Fig. 8, it follows that self-oscillations 
of the mathe matical expectations occur when the amplification coeffi- 











Se. cient k of the linear section exceeds a certain value key, given by the 
Fig. 7. The amplitude character- ee er 
istic of the relay element for the Bed Fe, EE 
mathematical expectations in the V Da 


presence of Gauss noise. 

The higher the variance of the noise Dp, the larger will be the 
value of the amplification coefficient k for which self-oscillation of 
the mathematical expectations will occur, 


For k > k,,, the amplitude of the self-oscillations, or, more ac- 


curately, the ratio _— » increases monotonically for increasing k, 
n 


It is shown below that, from the point of view of noise-suppression 
in the nonlinear systems we are considering, a value of the amplifica- 
tion coefficient k is suitable if the amplitude of the self-oscillations of 
the mathematical expectations is essentially larger than the mean- 
square sound amplitude, i.e., d >> 1, 








In order to fulfill this condition, we must have 
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i.e., the amplitude of the characteristic for the mathematical expectations is close to the amplitude character- 
istic of the original relay element. 


The stability of the self-oscillations of the mathematical expectations, and the stability of the system 
linearized by self-oscillations, relative to the mathematical expectations, can be determined by a method that 
corresponds exactly to the approximate criteria formulated in [2]. 


For d >> 2, the transfer function of a system, linearized by self-oscillations with respect to a slowly vary- 
ing mathematical expectation Xin m of the input, will have the form (2} 


2 
a OD) 
_ mx 1 oe 
Lout « = ~ Zin w- (12) 
i+ W, (D) 
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We now turn to a consideration of the random components of the given system. 


Following [3], we write the characteristic of a perfect relay element as 


oe , 
y = sign (+2, ) = —\ i u} 


0 
For brevity, we will denote the coordinates xp, x}y4, and y at time t = t, by the subscript 1, and at time 
t = t, by the subscript 2, Then, 


du. 





dudv. 





co co 

4 sin [(z,, +2, )u]sin[(z,, +7, )v] 

Via = x \ | mi * “n — M2 n. 
00 
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The mathematical expectation of the signal product in the integrand is 


M {sin (2m, + 2p) U SID (Tug + Zp2) Vv) = 
_ D,ut+ Dv? 
2 





1 —R 
ze [cos (244 — Tyqu) e”*"” — cos (mit +- Sug) "= 


D,yw'+D,r* 
=e 2 [sin (Zyl) Sin (TyaP)cosh/2xUv) +-COS(L_,U) COS (Lm2)sin tx), 
where D, = M[x4(t,)], Dz = M(x#\(t,)] are the variances of the noise at the times t, and t, (noise in the general case 


is assumed to be a nonstationary Gauss process), and Ry = M[xp(t;) xp(t,)] is the correlation function of the noise, 
Thus, 








_ EE, 


M (yw) = =| \ ¢ diag 
00 
cos 


Sin (4%) Sin (x ye¥)coshR, ms (Z 4,4) Cos (7 yo kintt® x¥v) 








dudv. 


When cos h(R,uv) and sinh(R,uv) are expanded in series of powers of R,uv, we obtain 


R. do, d’® 
M (yi¥2) = 4|®, ®, + 3% rm 9 “+ ], 


Vv 
eo dz, ax 


M2 


where 


©; ~ © (—3-}. ®, = 0(—*), ®() == 


Thus, the correlation function of the relay-element output is 


ih 


co RY do d’® 
Ry = M (yiy2) — M (y:) M (ys) = 4 2 CB a 
M1 M2 





é Rite r 
=pe  * [145 bib: + ae1— epi — ty) + (13) 
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+“ (8b — 8) (B8e— 83) + Gy (3 — GEE + E(B — B+ ED + .--], 


R. 
where p, = —-——... is the normalized correlation function of the input, and §, = 


—_ Mt 
VY DD, vor : i VD, ~ 


It follows from (13) that at the input of the relay element the wideband noise, i,e., the noise with a small 
correlation time, is transformed into wideband noise at the output of this element, modulated by some function 
of the mathematical expectations, 


Actually, if x, is white noise,* then py = 1 for ty =; py, = 0 forty # &. 


Ry=Dy= Ze" 1+ FE + HE + Gy E— EP + | aa) 


and Ry = 0 for ty # te. 





* The calculations in connection with white noise are of a formal character, A rigorous proof of the relations we 


have given can be obtained by applying a limiting process (letting the correlation time tend to zero) for noise 
having a finite variance, 
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It can be shown that 


1 —409(G) = 2-14 8 + (1 — EN + 8 — E+... |. 


Thus, the correlation function of the output from the relay element, when the input is effected by white 
sound, can be written 


1— 40" (5) 
Dna : (15) 





Ry = px {1 —40*(8)] = Re 


On the other hand, if the white noise passes through a linear element with a variable amplification coeffi- 
cient k(t), then 


Ry = Rk (t). (16) 


A comparison of (15) and (16) shows that the passage of white noise through a relay element is similar to 
the passage of this noise through a linear element* with, in general, a variable amplification coefficient: 


1—40" (F5=) 
Dn 


Such an element can be considered in the same way as a modulator, i.e., a multiplication link, at one in- 
put of which arrives x,, and at the other the quantity k(t), 








k(t) = ke (ay ,Dn)= 





We mention that not only for white noise, but also for any Gauss noise, the variance of the output from the 
relay element will be 





el 
wee @ (yoe) =1—40+(¢). a7) 





Thus, from the point of view of the variance, any Gauss noise is transformed in the relay element in the 
same way as in a multiplying unit with coefficient k(t), 


Corresponding to the above description, the equivalent block diagram of the system we are considering for 
random component coordinates is of the form shown in Fig. 9. 


This setup accurately reflects the statistical dynamics of the system with white noise at the input of the re- 
lay element, and is approximate for the case of arbitrary Gauss noise (it represents accurately only the transforma- 
tion of the variance in the nonlinear element). 


* Since the amplification coefficient k depends on Dp as well as on x(t), the element in question can only con- 
ventionally be called linear, 
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Gmean Strictly speaking, Gauss and white noise at the input of 
ut the relay element can occur only in the special case when the 
12} external noise f; and f, is of a type not usually occurring in 
10F practice, The random component x, of the signal at the input 
8} of the relay element actually includes not only the external 
noise, but also the random component of the preceding closed 
circuit, i.e., the component at the input due to the feedback, 


Therefore, even if the external noise is white, the quantity 
Xp Contains a component that has been filtered in the inertial 
part of the system, and is not white noise, Similarly, even if 
the external noise has a normal distribution, the distribution at 
the output of the relay element is not normal, and the noncorre- 
lation signal contains a non-Gauss component, 


In its passage through the inertial, linear part of the system, 
however, wideband noise is, on the one hand, weakened and, on 
the other, “normalized” [9]. This is the weighting basis for the 
practical application of the idealization considered for the proc- 
esses, 
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Fig. 10, Dependence of the mean noise- 
suppression coefficient on the ratio of the 
amplitude of self-oscillations to the 
mean-square noise, 


Relay -system self -oscil - 
lations 


The block diagram for random components (Fig. 9), 
generally speaking, must be considered at the same time as the 
block diagram for mathematical expectations (Fig. 6), In the 
simultaneous consideration of these block diagrams, it is con- 
venient to use the method of successive approximations, Thus, 
we start with a rough value of the noise variance at the input of 
the relay element, this value being obtained from the character- 
istics of the external noise, We then determine the mathematical 
expectation, in particular the self-oscillation parameters in the 
scheme in Fig. 6. When we have obtained x)y, we use an approxi- 
mate value of D, to obtain the amplification coefficient 






Linear system 


Fig. 11. An illustration of the effect of . 1 
noise suppression on the self-oscillation Da i i 4@*( Ty ) |? 
in a relay system, V Da 


in the equivalent scheme for random components (Fig. 9) and, 
by analyzing the statistical dynamics of this scheme, to determine a more accurate value of Dp. This improved 
approximation for Dy, is used to obtain new values of the self-oscillation parameters for the mathematical ex- 
pectation; we again turn to the equivalent scheme for the random components, etc, 


The convergence of this successive-approximation process is usually rapid enough so that the determination 
of one or two values of D, and xy is sufficient, 


It is evident from Fig, 9 that the investigation of the statistical dynamics for the case 








my ® 
od 


k = Dp * [1 — 4o* (5 


can be carried out by using the usual method described in the first part of this paper, 








i 
)] ? — const 


For the case k = var there is a supplementary modulation, and the processes are nonsteady, A complete in- 
vestigation demands a special method that is beyond the range of the present work, A rough estimate of the im- 
portant effect of sound suppression in a self-oscillating relay system can, however, be carried out quite simply by 
obtaining the signal-to-noise ratio at the input and output of the relay element, 


In the self-osciliating system, X)4 = X;) sin wt, and the noise variance at the relay-element input is 
D, = 1 — 4@? (dsin ot), (18) 
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where 


d= 
= Fe 
On the other hand, the amplification coefficient of the relay circuit (which is linearized by the self-oscilla- 
tions) for the useful component is equal to the mean value of the rate of change of the characteristic, ie., accord- 
ing to (10) it is 








- ther 3 Tp Sin @ 
+ = \o'( ) ag. 
0 





4 
Y, r.] uzr,, ® (d) Zs (19) 


where x, and y, are the useful signals at the input and output. 
For d > 2, 26(d) = 1, and the amplification coefficient is 2/ tx, [see also (12)]. 
It follows from (18) and (19) that 


ee 4® (d) vs 


VD, = ndVi—4@*(dsinot) YDn- 








Noise suppression in the relay element, in the presence of self-oscillation, can thus be characterized by the 
coefficient 


4@ (d) 
nd ¥ i — 4@* (dsin wt) 
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x 
For d “7 = const, q is a periodic function of the time, and it is natural to consider its mean value 
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80 (d) 


d 
qdp = 2 


Vi —4@*(dsin 9) 








Seal a 
Sewell a 


2 

Imean 
The relation between the mean value of the noise-suppression coefficient q;yean and the ratio d is shown 

in Fig. 10, It is evident from this graph that, for d < 2,8, the mean noise-suppression coefficient is less than one, 
i.e., when the ratio of the self-oscillation amplitude to the mean-square noise at the relay-element input is small, 
there is no increase, but a certain decrease, in the signal-to-noise ratio in this element. On the other hand, for 
d > 3, there is a sharp increase in the sound-suppression coefficient and in the signal-to-noise ratio at the relay- 
element output, For d >> 1, the coefficient has the asymptotic representation 


»|% 


mS 
2 


Imeah 0,85 d Cs 
and this shows that q,,e47 increases more rapidly for larger values of d. 


Although noise suppression in the relay element occurs only when the amplitude of the self-oscillations is 
appreciably greater than the mean-square noise, this effect can be practically useful in the systems we are con- 
sidering. The self-oscillations have, in fact, a strictly determined frequency, and can be filtered out or com- 
peasated for in a supplementary device without any noticeable worsening of the dynamic properties of the whole 
system, 


The effect of noise suppression in a self-oscillating relay system is shown in Fig, 11, Particular realizations 
are shown here of the time-curve for the mismatch Ax for a constant input x;,, = const in the case of a linear 
system, and also in the case of a self-oscillating relay system, 
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The variance of the mismatch in the case of the self-oscillating system is much less than in the case of the 


linear system, all other conditions being the same, The output component corresponding to the self-oscillations 
can be filtered out, possibly by using a wavetrap, When the input varies slowly, the center of the time~-curve al- 
so varies, but the corresponding variance remains the same, 
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OPTIMUM SERVO DRIVE WITH TWO CONTROL PARAMETERS 


A. E. Bor-Ramenskii and Sung Chien (Moscow) 


Translated from Avtomatika i Telemekhanika, Vol, 22, No, 2, pp, 157-170, February, 1961 
Original article submitted May 24, 1960 


A method of synthesis is described for a servoelectric drive, optimal in speed of action, that is 
based on the maximum principle developed by L. S, Pontryagin and his associates in [1,2], A 
dc motor with two controlled voltages is taken as the actuating element, These parameters are 
the voltage in the rotor circuit and the exciting voltage, The results obtained from an experi- 
mental model are given, where this model was constructed from a dynamoelectric amplifier and 
a 1-watt dc motor, 


In [8], on the basis of the maximum principle in optimal control processes developed by L. S. Pontryagin 
and his associates, the problem was investigated of the control, optimal in rapidity of action, in an electric servo 
drive with an electrodynamic amplifier and a dc motor, In the paper referred to, the problem was also solved of 
the synthesis of optimal control for a simplified system, the motion of which was described by double controls of 
the first order, In the present paper, we investigate the solution of the problem of synthesis for a system the same 
as this, except for the fact that the inertia in the EDA is taken into account, In this case, the motion is described 
by three differential equations of the first order with two controlling parameters: the voltage in the controlling 
winding of the EDA, and the voltage in the exciting coil of the motor. Using such a theoretical synthesis, we have 
built an operating model of a real machine with a power of 1 kw, The results of experiment have shown that this 
system has, during the transitional process, a great advantage over those at present in use, The transitional proc- 
ess in the system developed is close to optimal, 


For convenience in what follows, we will use a notation that is not the same as that used in [8]. 


1. The Equations of Motion 





We consider an electrical servo drive with an electrodynamic amplifier (EDA) and a dc motor (Fig. 1), The 
motion of the closed system can be described by the following set of differential equations: 


44-20, IDaCUe\ ely + Mer,  Er—Culle) =F, 4 
dl, dl dE \ 
Ta the =k, T, 5 t+ de = kU, T; apt Er = Isle ( ) 


Here A is the angle of rotation of the object of control, 2 is the rate of rotation of the motor, I; and Ie are 
the current in the rotor and excitation winding, respectively, I, is the current in the control winding of the EDA, 
Er is the voltage at the EDA output, U, is the voltage at the control coil of the EDA, U, is the voltage of the ex- 
citing coil of the motor, The variable coefficient C (I,) characterizes the strength of the magnetic current, and 
is obtained experimentally. 


We made the following assumptions: The static moment is small in comparison with the inertial load, the 
time constant T, is small in comparison with T; (for the EDA-12 that we used, T, = 0,1 sec, T; = 0.7 sec), the 
time constant T; is also small for the combination of the excitation winding and the tube source (T, = 0,02 sec), 
With these assumptions, the system of equations (1) can be simplified and reduced to the following dimensionless 
form: 




















| Toe 
= — uC (i,) ier + nC*i,) Ro, 
— = — pe, -+ pu. 

dt ' 


Here ©, w, and er are dimensionless variables corresponding to A, 2, and Er; A,#,1, and p are con- 
stant coefficients, and 


Let the arbitrary stepped signal gp» arrive at the input, We introduce new coordinates; 


‘dx . 
ty = 2,5 — &, to = 7% =—Am, m=e—e, ies (3) 


In these coordinates, the system of equations (2) can be written 


dz, 
dt 


yy 
iP] 


dx. 


Ft Gop (up) 5 — ng" (U2) 2a, (4) 


dxs 
~ Finn 
where ¢(u,) = C(ug)ug. 


The parameters for the EDA and the motor used in the construction of the experimental servo system had 
the following numerical values; 


B= 42-107, »=1,55-10%, p=—5,55. 
The variable coefficient g(u,) = C(u,)u,, determined experimentally, is shown in Fig. 2. 
2. Optimal Control 





For the system of equations (4), we will seek the optimal control ug(t) and u,(t) for an arbitrary initial mis- 
match, For the controls u, and ug, corresponding to the rated data, the following restrictions must be applied: 


luy|<120, 16,7<up<100. (5) 


For the system (4) with the limitations (5), we pose the problem of optimal control; Let any initial state of 
the system, defined by the values x,(0), x_(0), xs(0), be given, We wish to find the controls u,(t) and up(t) satisfy- 
ing the conditions (5), which will lead the system to an equilibrium position in the shortest possible time, Accord- 
ing to the theory of the maximum principle [1], we make up a control system related to (4) for the vector-function 
¥ with components ¥ ,(t), ¥ a(t), and ¥ s(t): 








5. 
= 


a= 
> = — P: + 19? (us) pa, (6) 
tb = — Be (Ua) Po + Pips. 


The simultaneous equations (6) can be integrated directly: 


),; = Yip = const, 
t 


t 
nf ofus(s))de t —nj o*fus(A)ida 
pa (t) =e ° Yao — Vio |e r ey: 
0 
‘ 


‘ps (t) = e** (sao — 8 (un) s(t) ePtdr ) 


0 / 


(7) 


We also form the Hamiltonian 


H (a, p, u) = LX + Ho [BQ (Ua) 73 — NH? (Ue) Z2] + Ps (— PT; — Pus] = 
= G(X, Zs, Pr, Ps) + P2 [BE (U2) Z3 — Np? (Us) T_] — Pps (t) Ui, 
where 


G (2X2, 3, Pry Ps) = Tap (tf) — PLsrps (2). 


According to the maximum principle, the optimal control at any instant of time, given by u,(t) and u,(t), 
yields the maximum Hamiltonian H for all possible values of u, and up, i.e., 


H (x (t), p (2), u (2) moe {G (x, ) + Pa [BQ (us) zs — Hr2G* (ua)] — Ps (t) uy}. (8) 
16.7 < us < 300 
It follows from the condition (8) that the optimal control described by u,(t) must have the form 


u, (t) = — 120 sign %, (2). 


We note that the function  ;(t), for values of the coefficients ¥ y, ¥ 29, and ¥ 39 not identically equal to zero, 
differs from zero, and changes sign, in general, not more than twice, Therefore, the optimal control u,(t), in 
general, consists of three intervals, in each of which it maintains one of two limiting values, and changes sign in 


neighboring intervals, 
The optimal control u,(t) is determined from the condition for the maximum of the expression AH: 


AH = — Pz (4) [BE (42) Zs — Hep? (uy) zp}. 


It is obvious that the optimal control u, depends here on not only the sign of #,(t), but also on the values of 
the coordinates x, apd x3. We rewrite this condition in the form 


AH = = pa (t) N22 [(e (us) — ="\ — (=) : (9) 


The formula (9) shows that the optimal control u,(t) must be such that the expression in the first set of 
round brackets has a maximum or minimum value depending on the sign of the product x,¥,(t). In addition, 
ug(t) must satisfy the limitations (5). 
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3. The Synthesis of Optimal Control 








The problem of synthesizing optimal control is equivalent to finding the 
relation between the optimal-control parameters u, and u,, and the coordinates 
of the system x;, Xg, and Xs. This means that we must find the set of optimal 
controls for all possible initial conditions of the system, It follows from (9) that, 
in order to satisfy the maximum condition, the control u, can take all possible 
values in the segment (16,7; 100], From simple physical considerations, and 
mathematical analysis that will be developed below, it follows that the char- 
acter of the transitional process can be represented in the form shown in Fig, 3. 

; It is evident that the last part of the optimal trajectory is a braking section, and 
u,(t) the value of u, (the current in the excitation winding of the motor), must be a 
Fig. 3 maximum, Then the last part of the optimal trajectory can be calculated as 
.. follows, We replace t by —T in the equations (4), and consider the solution of 
these equations in inverse form, It can be shown that all the optimal trajectories 
have initial parts consisting of two curves starting at the origin for u, = +120 and u, = ~120, respectively, We will 
denote these curves by Lj and Lf. They are given by parametric equations obtained as the solutions of (4), with t 
replaced by —T , and with zero initial conditions, 



































For Lj we have (for uy = 120 and tu, = Ug max = 100), 


Z(t) = 2,34 (e5-55* — 1) — 5,7 (e%-6* — 1) + 7,2t, 
q(t) = — 13 (e5-85* — 63.68") 7,2 (1 — e3.567), (10) 
Xy (t) = 120 (e5-55* — 1). 


The other curve Lf is obtained similarly (for uy =—120, ug = ug max = 48) 


2X, (t) = — 120 (e5-55= — 1), 
©, (t) = 13,0 (e555 — ¢3.86*) + 7,2 (4 — ¢3.587), (11) 
X(t) = — 120 (e555: — 1). 


The curves Lj and Lf are antisymmetric, and they can be obtained one from the other by an antisymmetric 


mapping. 
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The part of the trajectory preceding the last part is also evidently a braking section, Therefore, u, must also 
take a maximum value, Since all optimal trajectories must end on the curves Lj and Lf, then this fact can be 
used as initial conditions for obtaining the second-last sections of the trajectories, The general solution of the sys- 
tem (4) for arbitrary initial conditions, when t is replaced by —T , is: 


a (t) = — (24 (8) ds + 29, 
0 


* —af oMug(A))ar 
q(t) = { Tag — 8B \o (us (S)) [age + uy (e%8* — A)je ° as} x 
0 
nf o(us(s))ds 
e° 


=_ »55t »55t 
Lg (T) = Tgge555* +- uy (e* 1). (12) 


If the point (x49, X29. X39) passes along the whole length of 
Lj and Lf with control uy = —120 and u, = +120, then we obtain a 
certain surface L,, on one-half of which u, = —120, and on the 
other half of which u, = +120, We denote these partial surfaces 
by Lj and LY. The projection of the surface L, on the x,x5-plane, 
obtained from the tabulated results for the solution (12), is shown 
in Fig. 4, in which the heavy lines show optimal trajectories, and 
the fine lines are lines of equal value of the surface L, as func- 
tions of the two variables x, and x,;. Analytically, the equation 
of this surface can be written as 








%p (2, Ze, Tz) = X, — f (Xa, Zz) = 0. (13) 


The numerical values of the function f(x,,x,) can be re- 
duced to tabular form, It is therefore evident that the second- 
last and last parts of any optimal trajectory belong to the surface 
Lge From this fact we draw the conclusion that, if we consider the 

Fig. 5. reverse motion of the trajectory, two families of integral curves 
(12) start from the surface L, and fill the whole of the remaining 

three-dimensional phase-space, Consequently, the surface L, separates the whole phase-space into two half-spaces, 
in one of which u, = +120, and in the other u, = —120, 


As a result of this reasoning, the function u, for optimal control is obtained as a function of the coordinates, 
The optimal control is obtained in the form 





Uy (24, Xq, Zs) = 120 sign (x, — f (xq, Xs)) = 120 sign wp (x, 72, 23). (14) 


We now begin the synthesis of the optimal control uz. For this, we consider the expression (9), From the 
maximum condition for AH, we find that if ¥, > 0, then u, must take the following values: 


for 2% >0, z,>0 





r+ B zs _ %max + Pmin 
= Usminy if mar ih 3 , 
me f Bm 
U,gmax, ok zy <Pmean 


for Iq > 0, T3 = 0 
Ug = Ugmax 


for 2<0, z3>0 
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Ug = Ugmin 


for r,<0, 23< 0 


. z 
_— if a>e max 
B 23 if Zs 
us = ia? Pmin< Fe =< Pmax 
5 Zs 
Usmin if 2H 2 <S Pmin 
If, on the other hand, < 0, then u, must be given by: 
” t,>0, t3>0 
: B =z 
Usmax if 2H =, > Pmean 
Bm |; z 
U, = tym’ if Gmin< $= <F max 
Usgmin ‘f Re < @min 


for a,<0, 4 >0 

Ug = Ugmin 
for zr >0, %3<.0 

Ug = Ugmax 


for 440, 23< 0 


42min 
Us = 


if 
2 (15) 
U2 max if 


According to the above reasoning, the phase space is broken up into a series of regions, in each of which u, 
takes one or other of the values in (15), Since the distribution of signs for the function ¥, in the phase space is 
unknown, the condition (15) that arises from the maximum principle does not yield all the information needed to 
determine the optimal control. In order to make the law of control u, more precise, we need either an exact solu- 
tion of the system of equations (1) and (6) with the conditions (15), or certain supplementary assumptions concern- 
ing physical considerations and some simplifications, We will consider the curves u,(t) and ug(t) in Fig. 3, We 
will assume that t, and t, differ by only a small amount, and that the interval between them can be neglected, 
This assumption considerably simplifies the synthesis, Such an assumption cannot lead to any great divergence of 
the process from optimal, since a small change in the excitation of the motor cannot significantly alter the tra- 
jectory for small values of the rotor current, We will therefore assume that the instants of switching t, and t, are 
the same, The surface L, can therefore be assumed to be the switching surface for u, and for u,. With these as- 
sumptions, we can obtain the complete solution for the optimal control ug. If we use (9) and (14), then the con- 
ditions (15) can be written in the form 


for 2 >0, z>0, p= %—/ (ze, 2%) >9, 


2 
U, = Ugmax Ty = % —*z Pmaxts > 0; 
for %<0, <0, p<0, T1<0; 
for »y = 0; 


n- bo for %>0, %>0, 9>0, Pmin< Poe <P max 
for <0, %3<0, p<O, 9 min Jat < % max 
for [y= 2, — Ax, <0, »>0; (16) 


us = wm 
for r,>0, <0, 
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167 The expression for I’, is obtained by replacing ¢ _,, ox 
inl’; by % mine 


The expression (16) is the analytical expression of 
optimal control for a function of three variables in phase 
space, In Fig. 5 we show the separation of the space into 
regions for optimal control uz, We consider the trajectory 
shown in Fig. 5, Let the initial point of the motion be 
above the surface L, (the surface ¥ = 0), At the initial 
instant of time, the representative point with the control 
uy = 120, up = Ug max Moves toward the plane T’;. In the 
sector between the planes [’, and I’, the control decreases 
with decreasing x,, according to the relation 


v3 
nok2. 
Leaving this sector, we find that the control u, maintains 
a minimum value for ug min up to the time when the sur- 
face L, is encountered, At the point x(t,), belonging to 
the surface L,, uy and u, are interchanged, The control 
uy here is changed to the maximum vaiue with the oppo- 
site sign, while u, is changed to the maximum value 
Ug maxe In the remainder of the trajectory, on the surface 
Lg, the motion is on one of the trajectories of the family 
(12), and arrives at the origin on one of the half-curves L;. 
The qualitative picture of such a transitional process is 
also shown in Fig, 3. 





We have therefore obtained an analytical expression 
for the functions uy (x;, Xg, X3) and ug (x,, X_, X3) for opti- 
mal control, as functions of the points in the phase space, 





4. Realization of the Optimal Control 





Device 


After determining the functions u,(x,, X2, Xs) and 
Ug (X4» X25 Xg) Of optimal control, we can start designing 
the optimal control device, It should be noted that, as 
a result of the synthesis, we have obtained two optimal 
control functions with one depending on the other, They 
are related through # (x;, Xz, X3). We begin with a realiza~ 
t tion of the optimal control (14), The function ¥ is given 
2 in terms of the variable x,, and the function of two vari- 
Fig. 6. ables f(x_,x3). The values of the function f(x,, x;) have 
already been obtained, It is clear that, for the realization 
of #, we must first form the functional transformation 
from the two inputs x, and x, to an output giving the values of the function f(x,, x3). 


To obtain this functional transformation, we use a method proposed in [6], For convenience in the realiza- 
tion, we expand f(x,, xs) in a series: 





F (Xa, Xs) = Bo (Xa) + hy (Zs) + x NnBx (X2) hn (Xs), (17) 


where go(x,) and hg(x,) are obtained from the conditions 
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d b 
Bo (a) = saz \f (en 0) das, g(t) = E\ 1 (en 0) dos (as) 


c a 


where a, b, c, and d define the range of values of the function f(xg, X3); Ay» gi(%_), and hy(xs) are the character- 
istic values and normalized characteristic functions of the integral equations 


b d 
NnBn (Ze) = i, (Za, Sa) x (Se) dsq, Nyhe (3) = \ hs (%3, 53) hy (8g) dsq. (19) 


In the equations (19), 


ky (Za, $2) = \f (Ze, Zs) / (Sa, 2%) ds, 


1 (Xa, Zs) f (Za, $3) dx. 


ky (2s, 53) = 


Gee Ne Ot. A 


It can be proved that the series (17) for the function f(x,, x3) converges very rapidly in the mean-square 
sense,* In our case, the function f(x,, x3) can be given in tabular form, and so the integrations (18) and (19) are 
replaced by summations, Calculation shows that the function 


{re} —— f (xq, Xs) can be calculated from the formula 
‘ { fre] [x] =f ¢ f (Xa, 2s) = Bo (£2) + ho (Xs) + 81 (2) (%s)s (20) 


6 | with an error not greater than 4%, 
pe | tee Graphs of the functions golx2), ho(xs), gy(xq), and hy(xs), 
obtained by the solution of Eqs, (18) and (19), are shown in 
| Fig. 6, The calculated values are shown by dotted curves, the 
ry approximations by continuous straight lines, Thus, the function 
Fig. 7. ~ , determining the optimal control u, in (14), can be expressed 
in the form 












P = Ty — Bo (Z2) — ho (Zs) — (21) 
— 81 (Xa) Ay (2s). 

The block diagram of the realization of the optimal control u,, according to (14), is shown in Fig. 7, The 
signals xy, X_, and xX, arrive at the input of the device, At the output of the nonlinear converter, we obtain the 
four functions of one variable, and then x,, go(x_), and he(xs) are combined with the product g(x» Jhy(x,) to give 
the function, A relay element at the output finally forms the function for optimal control u4(x4, X_, Xs). 


We now consider the realization of optimum control for the second parameter u, — the current in the excit- 
ing winding of the motor, We must form the analytical expression (16), It is not difficult to design a relay-con- 
tact device to give this result. Such a device, however, will be rather cumbersome, since it must contain a large 
number of relay elements and one divider, One of the possible designs is shown in Fig, 8, Here, E, and E, are two 
different voltages giving the maximum and minimum current in the anode circuit and, consequently, in the ex- 
citing winding as well, The circuit shown in Fig, 8 can be considerably simplified, if we neglect the part of the 
smooth variation of u, in the region between the planes I’, andI',, Let the lines T', and I’, in Fig, 5 be close to 
one another, Then, if we assume that they coincide, the optimal control (16) can be reduced to the very simple 
form 


for P>O, T,>9, for p>0, <0; 


ts = temax| <0, T,<0; a= tamin| oy <0, I,>0. ite 


*This was proven by the authors, It was found that the series function { gh} forms the best basic biorthogonal 
system of Fourier series from the point of view of rapidity of convergence in the mean-square sense. 
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Fig. 8. 








Such a simplification is reasonable, since the excitation 
£. Logical ¢, [_ uy winding of the motor always has a certain inertia, and the switch- 
f, | element ce ing of the u, current therefore is not instantaneous, but such that 
a “natural approximation” is obtained, (In the synthesis of the 
Fig. 9 system, as was shown above, the time constant characterizing 

is this inertia was not taken into account because it was so small.) 























# The simplified function u,(x;, X2, Xs), in the 
4 {r6}— form (22), is realized in an elementary way by us- 
'Z ing a logical “coincidence” unit, One of the possible 
Z, ? i Radin schemes for forming the expression (22) is shown in 
Fig. 9. The output u, is obtained by a relay element, 
and so it has only two possible values, It can be 
either the maximum value, when the signs of the 
functions ¥ and I’, are the same, or it can have the 
minimum value, when these signs are different. 
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Fig. 10, 5. Description of the Servo System 





The structural design, based on the above 
synthesis, is shown in Fig. 10, The power section consists of an EDA~-12 electrodynamic amplifier and an MI-32 


de motor, In the system there are two blocks of controls, one for the main channel, the other for the channel for 
the exciting winding of the motor, The controlling element for the main channel 1 consists of four main elements, 
namely a nonlinear converter for a function of one variable, a multiplying block, a summing block, and a relay 
element, The functions hg(x5), go(x_), and gy(x2), as can be seen from Fig. 6, can be approximated sufficiently ac- 
curately by straight lines, and so they can be obtained from voltage dividers, The function g,(x,) is, on the other 
hand, essentially nonlinear, and must be formed in the usual way by a functional converter with one input, The 
multiplication block is built by using nonlinear resistances (thyrites) in a system based on the expression 


i 
Baily = > [(81 + i)? — (81 —A,)?I. 
The summation and relay characteristic 2 are obtained in an elementary way. 


The control block 3 (Fig. 10) tn the motor-excitation-winding channel is built up according to the design 
shown in Fig, 11, and forms the control law (22), The control for the excitation winding of the motor consists of 
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Fig. 15, 


two relays, The quantity T . is obtained at the relay P,, where the summation of the two quantities x, and x, with 
corresponding coefficients is carried out, A coincidence device controls the shutoff voltage for a 6N5S tube in 
the excitation circuit, with the result that we obtain two limiting values for the excitation current, 


It is therefore evident that an optimum-control device can be constructed by using simple techniques, 
6, Experimental Results 





The system that we constructed was subjected to a detailed experimental investigation, The results of these 
experiments fully confirmed the value of applying the proposed methods of calculation and principles of design, 
The effectiveness of applying the maximum principle developed in [1,3] to the solution of concrete, technical 
problems was also confirmed, 


As we have already pointed out, the system that we have obtained was designed to obtain a rapid-acting 
annihilation of an initial mismatch, for arbitrary initial conditions of the system, Experiments were carried out 
with various initial conditions, 


The transitional process of operation for initial mismatch is shown in the oscillograms in Figs, 12-14, In 
Figs, 12 and 13 we show oscillograms of transitional processes with zero initial conditions, For comparison, in 
each of the diagrams we show, in addition, the oscillogram of the optimal transitional process, and also the oscil- 
logram of transitional processes for the same system in the case when the maximum current in the excitation wind- 
ing of the rotor has its maximum value. In Fig. 14 we show the oscillograms of transitional processes for zero 
initial conditions, 


We will consider in more detail the transitional process for the oscillogram in Fig, 12a, which is for the 
optimal transition process with zero initial conditions, The oscillogram shows that the process of operation con- 
tinues without overshooting (the curve x,). The graph of the rotation x, of the motor consists of clearly expressed 
sections of acceleration and braking. The current in the excitation winding I, at the beginning of the process 
takes its maximum value, At a certain instant, when the velocity of rotation of the motor reaches its rated value 
(when the expression I’, changes sign), the current in the excitation winding drops to its minimum value, and a 
high rotational moment is obtained, The maximum current in the excitation winding is reached at the instant of 
transition to the braking section, when the maximum braking moment is demanded, The oscillogram in Fig. 12b 
shows the transitional process for the same initial conditions, but with the excitation current fixed at its maximum. 
A comparison of these two oscillograms shows that the optimal system with two control parameters possesses great 
advantages, The curve for the rotor current on the oscillogram in Fig, 12b is characteristic for a motor with in- 
dependent excitation, and with its excitation current fixed at its maximum value, Here the rotor current rapidly 
decreases to a very small value, while the velocity of rotation of the motor increases, since, for high rates of ro- 
tation, there is a high back emf, In the case of the process shown in the oscillogram in Fig, 12a, the picture dif- 
fers greatly, and the rotor current, after a drop during the initial part of the acceleration, approximately maintains 
its rated velue, and this ensures that the static load is overcome as rapidly as possible, The duration of the transi- 
tional process in the case of Fig, 12a is significantly shorter than in the case of Fig, 12b, Thus, for an initial mis- 
match of 0,35 radians, the process takes 0.77 sec in the first case, and 1.0 sec in the second case, 
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Figure 13 shows the oscillograms of transitional processes for small initial values of the mismatch, Here the 
effect described is less obvious, since the time of excitation current cutoff is small, For small mismatch angles, 
the rate of rotation of the motor does not reach values for which the second parameter is switched in, 


The oscillograms in Fig, 14 show transitional processes for nonzero initial conditions, Here the same type 
of result can be seen, 


We should mention that for small mismatch angles the system continues to operate optimally, although the 
second parameter is not cut in, The system we have constructed has a transitional time for eliminating small and 
medium mismatches, that is from *4 to % of the time required under the same conditions by the usual linear sys- 
tems of the same power, 


Figure 15 shows photographs of the projections of optimal trajectories on the phase plane (x, is the abscissa, 
X, is the ordinate) that were obtained from the oscillograph screen, In contrast with the usual linear systems, 
these trajectories do not spiral about the origin, but approach it by the optimal trajectories shown in Fig. 4, 
Figure 15a shows the phase trajectory for zero initial velocity, and Fig. 15b shows the phase trajectory for nonzero 
initial velocity. 


SUMMARY 


1, The variational maximum principle, developed in [1,3], is an effective means of solving the problem of 
synthesizing servo systems, optimal relative to their rapidity of action, A method based on the maximum principle 
has incomparable advantages over the linear synthesis theory, The application of this new method does not re~ 
quire the linearization of the original equations; it attains the maximum possible rapidity of action; there is no 
overshoot, etc, 


2. The usual systems of dc motor control use only one parameter (the rotor current), and they are evidently 
not the best possible, Our method of calculating the control from a second parameter (the voltage in the excita- 
tion coil of the motor) yields a significant effect, The rapidity of action is appreciably increased, 


3, The optimal controlling device can be constructed simply, Industrial designs of this type of control can 
be completely reliable, compact, and simple, 


The authors wish to thank A. A, Fel‘dbaum for his advice in carrying out the present work, 
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THE ESTIMATION OF SELF-OSCILLATION PARAMETERS 
IN NONLINEAR AUTOMATIC CONTROL SYSTEMS 


V.R. Andrievskii (Leningrad) 


Translated from Avtomatika i Telemekhanika, Vol, 22, No. 2, pp. 171-175, February, 1961 
Original article submitted August 29, 1960 


A method is described of estimating the self-oscillation parameters in nonlinear automatic-control 
systems in which harmonic linearization is permissible. 


We will investigate a system of automatic control described by the equations with constant coefficients 
n n 
te= >) Asn Ly +t(d bare ) (a= 4, 2,..., &). (1) 


k=1 k=1 


It is often necessary to estimate the parameters of periodic regimes that can occur in the system under con- 
sideration, without the need of obtaining exact solutions, In order to save time, various methods of obtaining ap- 
proximate solutions are therefore used. For example, in a very wide class of systems, it is sufficient to apply the 
principle of harmonic linearization, In this case, it is assumed [1,2] that, in the components of a periodic regime, 
all the terms of the Fourier series may be neglected except the first, so that we may use the approximation 


Z, =a,sin(@t-+,) (s=1, 2,..., a). (2) 


We also assume that higher harmonics can be neglecte” .n the expansion of /s (> bute ) in a Fourier 
k=1 


series, For simplicity in what follows, we will assur . . «at the functions f, are single-valued, and symmetric 
relative to the zero value of the argument, and that they can be approximately expressed in the form 


1s (> bute ) = 4s > DarZe, (3) 


k+1 k=] 


where the coefficients of harmonic linearization q, are taken to be the first coefficients of the expansion of 
n 

te(d bute ) in a Fourier series, 
k=1 


Thus, (2)-must coincide with certain periodic solutions of the harmonic linearization system 


Ze = > Agu qs > bax Lx (4) 
k=1 k=1 
or 
Ze = >) ConZe, (4") 


k=l 
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Csk = Oey + 9sDsx (s=1, 2,..., n). 
The a, and w occurring in (2) must satisfy the condition that the characteristic determinant of the har- 
monically linearized system be equal to zero: 
[ll esx || — jo | = 0, (5) 


where w > 0, |lc.y/] is the matrix of the coefficients of the system (4), and E is the unit matrix, 


If we succeed in finding a set of expressions of the form (2) for which condition (5) is satisfied, and if, at 
the same time, w lies in a frequency band for which the system (1) satisfies the conditions of applicability of the 
harmonic linearization principle (the filter condition for self-resonance), then the problem of obtaining an ap- 
proximate solution for the system (1) can be assumed to be solved, 


Such a determination is, as a rule, troublesome, and, in the case of a multiloop system with some nonlinear 
elements, often impossible in practice, This limits the possibilities of investigating nonlinear systems, A con- 
siderable decrease in the difficulty of investigating such systems can be achieved, if we do not try to find the 
exact values of a, and w, but pose the problem of estimating them approximately, 


We now consider the system (4) with the condition (5), If q, is assumed to be arbitrary, then condition (5) 
can be considered as the equation of the boundary of the D-division of the system (4), 


We denote by U the set of points belonging to the boundary of the D-division of the system (4) in the space 
{ays +++» Gn}. (We should again stress the fact that the coefficients q, are here considered to be arbitrary.) We 
note that each point (qy, .. +» Gn) € U, in view of (5), corresponds to a certain frequency w. 


If the system (1) has a periodic solution that is given approximately in the form (2), and if (qy, . « « » Gp) is 
the set of coefficients of the harmonic linearization corresponding to (2), then, because of (5), the condition 


(91,-++, Qn) EU. (6) 
must be satisfied, 


To estimate the parameters a, and w, we must use the fact that, for the majority of cases occurring in prac- 
tice, the region containing the points corresponding to the linearization coefficients (in what follows we will de- 
note this region by Q) does not fill the whole space {q), «++» Gn} , and is usually bounded, Combining the con- 
ditions (qq, « + + » Qn) EU, (ay, - »  » Gn) EQ, we obtain 


(91,---, Wn EU 1) Q, (7) 


where U()Q is the intersection of the sets U and Q, [Here each point (qy, . « « » Gn) of the set U() Q also corre~ 
sponds to some frequency w,] 


For a very large class of systems, we can obtain upper and lower bounds for w, and for at least some of the 
Qs» from the form of U()Q. 


Thus, if there is a periodic regime for the system (1) which can be given approximately in the form (2), its 
amplitude and frequency can be estimated from these bounds, 


In order that such a solution may be carried out, it is sufficient that the set U ()Q contain at least one point, 
and that this point corresponds to a frequency w for which the conditions of applicability of the harmonic lineari- 
zation method are satisfied, 


It should be noted that only stable periodic regimes, usually called self-oscillation regimes, can occur in 
practice, and so these are the only cases that are of interest to us, 


We will assume that a periodic regime for the system (1) with period T has been found: 


%=2,(t) (s=1, 2,..., a) (8) 
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The periodic solution (8) of the system (1) is called stable (3), if, for any € > 0, we can find a 6 > 0, such 
that, for p (x19, « « « » Xno) <5 the inequality p [x;(t),... , X(t) < € will be satisfied fort > 0. 


Here x,, is denoted by x,(0), and p is the distance from the vector (x;, ..» , Xn) to the periodic regime 





pi. ..., a) = inf \/ Sa — 20) te[0, 7} 


Up to the present time, there are no rigorously proven criteria that can be used in practice to single out the 
stable, periodic solutions for systems of the usual type. In practice, the solution of this type of problem is obtained 
by applying certain rules that usually give reliable results, In the application of the above-described method of 
estimating the parameters of a periodic regime, we can use the following rule: For a point (q,, ... , 4p), Corre- 
sponding to a stable, periodic solution, the following conditions must be satisfied: First of all, (qy,...,4p) €Uy, 
where U, is the boundary of the stable region for the system (4) in the space {q,, ...~, Gn}; second, for increasing 
amplitude a,, the point (qy, .. » » dn) must be displaced toward the interior of the region of stability. 


It follows from the first condition that, in estimating the self-oscillation parameters, we must not use con- 
dition (7), but must use the more stringent condition 


(Qi,-+-, gn) EU, 17 Q, (9) 


The second condition yields a rather effective method of singling out the unstable, periodic solutions that 
satisfy condition (9) from the stable solution. 


The use of condition (9) for estimating the self-oscillation parameters considerably decreases the difficulties 
involved in such an estimate, and it also has the further advantage of making it relatively easy to estimate the in- 
fluence on the self-oscillation parameters of a change in parameters for the system under consideration, 


It should be noted that the condition that f, be single-valued is not essential, In the case when this condi- 
tion is not satisfied, the reasoning used remains valid but, as is known, the structure of the system (4) becomes 
somewhat more complex, 


A generalization of the structure of the system (1) is possible, It is easy to see that everything said above 
also remains valid for a system of the form 


t, = >) Gente + 3 tu ( 3 dace) (g = 1,2,. . «5 A). 
k=1 l=1 k=1 


In general, if a system satisfies the conditions of the applicability of the harmonic linearization principle, 
and if, ir. some way, we succeed in developing the structure of the harmonically linearized system, then, by in- 
vestigating the intersection of the stability region for this system in the linearization-coefficient space with the 
region of possible values, we can estimate the self-oscillation parameters without the necessity of obtaining any 
information about equilibrium, although this information must be obtained for the direct application of the har- 
monic linearization principle. 


We will illustrate the application of the above method of estimating the self-oscillation parameters by an 
example, Let a system of automatic control be described by the following system of equations: 


,=—375a_, 22 = 0,266 (— zg + 2), 


Z3 = %, % <= 23,3 (x2 — 23) jn 0,13624 — 13,325, 
(10) 


as (t + 0,015) =f: (6:1), 2 = fe (62), 
5 = 3,523 + 0,72 — x5 + 202, Og = 0,3323 — 5-10-%z,, 


where f; (04) (i = 1, 2) are the usual approximations for the static characteristics used in describing a nonlinear, 
insensitive, saturated element, An example of one of these functions.is shown in Fig. 1, with 
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Fig. 1. Fig, 2. 


Oa, = 0,25; Sy, = 2,75; K, = 30; 
Ga = 0,30; Oy, =3,00; Ke=—1,1. 


An estimate of the self-oscillation parameters that are possible in the system being investigated can, as 
above, be obtained from the diagram of the D-division in the plane {q,, q2} for the system: 


a = 3752. ‘Le = 0,266 (— Zo +o 23) 
4 Zs = %, 
i 4 23,3 (Ze _ 23) —_ 00,1362, _ 13,325, 
(11) 
as (t+0,015)= 9: (3,523 + 0,724 — 25 + 20z¢), 
Ze = 92 (0,33a3 — 5+10-*2,). 


The region of stability of the system (11) is shown in Fig, 2, 
For using condition (9), it is necessary to know the region of pos- 
sible values of the linearization coefficients Q, Figure 3, in which 
we show the dependence of the harmonic linearization coefficients 
q on the amplitude p,; of the input signal oj for an element with 
a characteristic of the type shown in Fig, 1, shows that q < Kj in 
every case, Therefore, as Fig. 2 shows, the projection of the inter- 
section of U,{) Q with q, lies in the interval (6,1, 6.8), Thus, if 
self-oscillations are possible in the system (10), then the amplitude 
of their first harmonics must satisfy 


4s+ 


Hi = 











Fig. 3. 


¥, € (0,20; 0,23). (12) 


The circular frequency of these oscillations is thus estimated to be 8,8 sec”! (1,5 cps), 


It follows from Fig, 3 that two periodic solutions satisfying condition (12) are possible in principle, An ap- 
plication of the second condition in the rule described above for singling out stable periodic solutions shows that 
the solution with p,> opy can be discarded since, in this case, an increase in p, leads to a displacement of the 
point (q), q2) out of the stability region, 


We see from Fig, 3 that the stable, periodic solution, for which € (0,20, 0,23) corresponds to an ampli- 
1 
tude of the signal o, equal to py = 1.509,;. Here the amplitude x, will be 
ay = 22 € (0,27, 0,34). 
Thus, self-oscillations in the system we have considered are possible with the amplitude of xs equal to 
as & (0.27, 0,31) and a frequency of the order of 1.5 cps, In order for such self-oscillations actually to occur, it 


is sufficient that this frequency be in the range of applicability of the harmonic linearization principle for the sys- 
tem (10), The fact that this condition is satisfied must be verified by considering the frequency characteristics of 
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the linear part of the system, For the concrete system (10), the estimate obtained of the self-oscillation param- 
eters was satisfactorily verified by the numerical integration of the system (10), 


The example we have considered shows that the application of the proposed method, which considerably 
simplifies the investigation of nonlinear systems, can, in some cases, yield very accurate estimates of the self- 
cscillation parameters, 
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TRANSITIONAL PROCESSES IN A SYSTEM OF EXTREMAL CONTROL 
WITH A DYNAMIC SENSITIVE UNIT 


A. P. Yurkevich (Moscow) 


Translated from Avtomatika i Telemekhanika, Vol, 22, No, 2, pp. 176-184, February, 1961 
Original article submitted July 14, 1960 


The distinctive features are considered of transitional processes in a system of extremal control 
with a memory and with a sensitive unit of dynamic type. It is shown that the mean rate of 
search decreases as the system approximates to the extremum of the function, and increases for 
any position of the executive unit, when there is an external disturbance that raises the level 
of the function maximum. 


Calculation formulas are given for data of parameters of the steady-state motion of the 
commutator system in the presence of a zone of insensitivity, with delay and the effect of an 
outside disturbance taken into account. 


In many cases, systems of extremal control are improved by the use of sensitive elements of dynamic type, 
which pass only sufficiently rapidly varying input signals, This makes it possible, as was shown in [1-3], to raise 
the sensitivity of extremal control with a memory, and to eliminate or decrease the harmful influence of low- 
frequency disturbances, 


In the simplest case, the transfer function of the dynamic input-signal unit is 


a my 1 
W,(p) = Kt Sa (1) 
where K; is the transfer coefficient of the unit, and tT is its time constant, The block diagram of an extremal 
system with such a unit, and with a noninertial object of control,is shown in Fig, la, 


In [2,3], the question was considered of the dynamics of a system without taking into account the inertia of 
the object of control, In [4], a new method was proposed for the extremal control of inertial objects, which per- 
mitted a considerable improvement in the quality of the control processes, A distinctive feature of the proposed 
method is that, at the input of an extremal control unit, either possessing a memory or of any other type, the in- 
cident signal is a definite combination of the variation of the output signal of the object of control and its deriva- 
tives, In the particular case when the object of control is of the first order with static characteristic y, = f(x), 
and with the output y, of the object related to y, by the equality 


ee Ss (2) 
¥Ye= Pt + i’ 


where Ky is a positive coefficient and T is the time constant of the object, a signal z can arrive at the input of 
the extremal control unit with 2 the derivative of y2, ise., z = py2 (see Fig. 1b), 


Here, 
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z y 9) 2 In this case, it is evident that the input section of the 
EE : Nige control system is, in its dynamic relationship, identical with 
a that given above in (1), The consideration of the operation of 
ER a system with a transformed input signal of the form (1) is re- 























lated not only to the case of control of a noninertial object, 
but also to certain cases of the control of inertial objects of 




































































Iice LY a. YI > |2 the first order. 
b 4 = In [2,3], the motion of a system in the region of the 
ER function extremum is considered for the operation of a control 
without delay, It is also of interest to consider the motion of 
a system for large initial deviations, taking into account the 
4 IK y rah, instrumental delay, and we do this below, 
c t YY 
; We express the signal z as the difference of signals 
I*pr (Fig. 1c) 
Fig. 1. Block diagram of extremal systems oy Tis (3) 


with dynamic transformation of the input 
signal, EE) Extremal element; ER) ex- 
tremal control, y= Kin, (4) 


We also have 


sre 
Yu = 1° (5) 


We note that expressions of this form describe, in some cases, real physical processes, for example in the 
method of dynamic transformation of the signal [1], by means of reverse coupling of the circuits of proportional 
and inversely proportional first-order type, 


The expressions (3), (4), and (5) yield 





W (P) => = pet 


We assume that the static characteristic f(x) is of parabolic form 


= K,z*, (6) 
where x and y are coordinates with origin at the extremum point of the function. 


We will also assume that the extremal control unit operates on the memory principle, has a zone of in- 
sensitivity z,;, and is provided with an executive unit of constant velocity, i.e., |X| = V, = eonst. The motion 
of the executive unit is reversed each time the decrease in z reaches z,,. 


We will consider the process of searching for the extremum of the function, with initial conditions t = 0, 
Y = Yk = Yoo In Fig. 2 we show the process of search for the extremum of the function in the phase plane with 
coordinates x and y, with the time also plotted in the horizontal direction, 


The process of searching for the extremum proceeds in the following way, The motion starts at the point 1, 
and we assume that it starts in the correct direction, The value of y varies on the parabola, and the value of y, 
on the corresponding curve, which is the solution of (5), We can see that the difference y — y,, = z first of all in- 
creases, and then begins to decrease, At point 2, this decrease has reached z};, and the system reverses, Then y 
rapidly decreases, while y;, continues to increase, and so z decreases very rapidly, This produces, at point 3, 
another reverse of the system, and the correct motion is reestablished. Similar phenomena occur at the points 4 
and 5, 6 and 7, etc, We can see that, at points 2, 4, and 6, a false response is produced which slows the approxi- 
mation of the system to the function's extremum. The frequency of these false responses increases as the system 
approaches the extremum u, as can be seen from Fig, 2, and this frequency is strongly dependent on the insensi- 
tivity zone z;; of the control, The dotted curve II shows the variation of y;,, for an insensitivity zone z;,; half as 
large. We see that the number of false responses increases, If the insensitivity zone tends to zero, the number 
of false responses decreases indefinitely, and the search curve becomes smooth, 
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Fig. 2, The search for an extremum in the phase plane with 

coordinates x and y for vr = 0.4, n = 0.25, 1) §,. = 1% M) 
47 H 

51, = 0.5%, 


As was shown in [3], the determination of the transition- process parameters for the system, and the deter- 
mination of the limiting cycles for these parameters, is facilitated by representing the motion of the system on 
several sheets, one on top of another, where each sheet is a phase plane, and also by using the dimensionless co- 
ordinates o = —"— and B = “Sr Then, in the absence of any disturbance, the phase trajectories 

x 
passing through any point a», By of the phase plane will be exponential curves given by the equation 8 = 
= (By + 1)exp(—An)—1, where An = a— ap, 





We introduce the following notation: Xa, for the greatest variation of x, t. = Xmax/Vx.U¥r =T/tes Ve 
is the value of the parameter to which the control tends for x = 0 in units of y, and 


K .2max 24 
Se tc, Wachee aan tf cou 
e 


The system reverses itself whenever 8 becomes negative and the area between the horizontal axis and the 
ts) 
curve for 8 (for 8 < 0) reaches the negative value S, = 4 =“. . A discontinuous change in 8 of +20 occurs 
v 
at each point where there is a reverse. 


Figure 3 shows the motion of the system in the @,8 phase plane for the parameter values &, = 4, 8, = 0, 
5,, = 0.2%, ve = 0.1, 1 = 0.5, It is evident that a definite regime for the function-extremum search is esta- 
blished with relatively large direct- motion sections in the proper direction, alternated with short sections of re- 
verse motion, 


During the direct motion of this regime, the quantity 6 is close to zero, and during the reverse motion it is 
given by the straight line 8 = -2a (for a > 0), A consideration of the phase trajectories 6(c) also shows that, 
when the insensitivity zone 5}, tends to a zero range, the switchover frequency increases indefinitely, and the 
variation of &, corresponding to direct and reverse motion, tends to zero, Their ratio for every value of & = 
= x/VqT , however, has a definite limiting value which determines the rate at which the system approximates to 
the extremum of the function, We obtain x in terms of the time for the regime we are considering by assuming 
that 5}, tends to zero, 








se vo ils ipiopernes <s 





A consideration of the phase trajectories also shows that, 
for direct motion, i,e., at times when @ < 0, we have 


lim B = limz = 0. 
6, —>0 6,—0 
for a > 0, 


Then, according to (3), we have y = j;,. When we dif- 
ferentiate (6), we can write 


y = — 2K,V,2. 
In the present case we therefore obtain 
Y, = — 2K,V;z. (7) 


If we rewrite (5) in the form yy, = y— Ty,, express y and 
Y} in terms of x, and use (6) and (7), we get the relation 





Fig. 3. The search for an extremum in the . ” 
phase plane with coordinates & and 8 for Yu = — K,a* + 2tK,V 52. (8) 


= 0,1, =0 5, = 0 Ae = 9, Y 
pr Atetir OH. Sy OBR do As was said above, the function x(t) must satisfy |x| = 
= V, =const, Therefore, in the search for the extremum for 
5, 0, the function x(t) is made up from more than one ana- 








, lytic function, and so X(t) is not continuous, When the transi- 
* 005 tion to the sliding regime has occurred, the function x(t) be- 
qi ~~ comes x,(t), and this latter function can be differentiated. 





Q2 
Q3 a When we replace x in (8) by x,, differentiate the result, 
wien a and replace Vk by the expression (7), we obtain 


95 4 Viz 
i= — xc 





wW.—t - 
If we use the notation x,/ Xx = ¥, we obtain 


5,-0 


¥ ines "¢ The formula we have obtained gives the functional re- 
Fig. 4. lation between the velocity of motion of the executive unit 
and its position in the search for the extremum of the function 
in a sliding regime, This relation, for various values of vy , is illustrated in Fig. 4, It is evident that » decreases 
for decreasing vr , i.e., for decreasing time constant t and, in addition to this, the curves change their character 
somewhat, For small r, the rate ¥ in the search process for the extremum changes little, and decreases rapidly 
only in a small region about the function extremum, Relative to improving the quality of the transitional process, 
it is therefore advantageous to decrease T, However, for 5,, > 0, an excessive decrease in T , as was shown in 
[2,3], results in an increase in the amplitude of the oscillations of the system about the function extremum toward 
the end of the search process, and so lowers the accuracy of the control, 


We will determine the characteristic of the transitional process for the system in a sliding regime under the 
assumption that ¥ = 9, fort = 0, It follows from (9) that 


° | p 
scans a ee ; (9) 











dt = —t.( +4) dy 
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Fig. 5. 
and so 
" 602% a 
: 2 bee t = to(v, In 2 + po — wp). (10) 
0 7 7 ¥ 
Pa) wi 
al AS ae] Figure 5 shows the transitional process for vari- 
My” wan ~ 6.0 ous values of vy and for ¥,) = 1. 
+ A vt 
i Sa ory a In Fig. 6 we give a comparison of the transi- 
hs ed tional processes for 5 ,;= 0 (Curve 1) and 5p, = 0.2 % 
a (the broken curve 2, obtained from the results ob- 
a tained in describing the process shown in Fig. 3), A 
9 @e &@ YE we 4a asf transitional process corresponding to 51; > 0.2 Jowould 
’ yield a curve lying in the region between the broken 
Fig. 6. Comparison of the transitional processes of curve 2 and the straight line 3, 


system with Vr = 0.1, 1) Sliding regime 5), = 0); 
2) in the zone of insensibility 5), = 0.2%); 3) with 
constant velocity of the executive unit (¥ = 1/t,). 


The distinctive feature of the system that we 
have pointed out — the decrease in its velocity as the 
function extremum is approached — can be considered 
to be of value, since the oscillations during the control 
process are decreases by it. This is true, for example, in cases when there is a dynamic, inertial unit, located be- 
tween the control output and the unit with the nonlinear, extremal character, 


We should note that the system we have been considering with the parameters we have used has a definite 
interference-rejection relative to high-frequency small-amplitude disturbances, not only for large, but also for 
small nonsensitivity zones of control, In fact, for a narrow zone of control insensitivity in the extremum search, 
if the system reverses because of the effect of interference, then its rate of approach to the extremum will be de- 
cteased, This (see Fig. 2) causes a decrease in the difference y— y,, and then, according to (3), (4), and (5), at 
the instant when the system starts to move away from the function extremum, the rate & = j — },, increases, and 
this increases the ratio of the useful signal to the interference. 


The interference rejection of the system relative to high frequencies is also due to the fact that the real 
transfer function of the dynamic transformation of the input signal differs from (1), and has the form 





W.(p) =K £ 
2(P) Ca + pr) (i + ptr + pr?) 


because of the capacity and inductance in the electrical elements or the mass of the mechanical parts, 


A device with this type of transfer function filters out the high-frequency components of the input signal, 
and this lowers the effect of the interference discussed above. 


We will now consider the particular features of the process occurring during the function-extremum search, 
when low-frequency disturbances are present, 


Low-frequency disturbances, which can be represented by a linear function of the time [1], only have an 
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Fig. 7. 





Fig. 8. 
























































Fig. 9. Phase trajectories of a system with delay, 
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insignificant influence on control processes during an 
initial period of time, less than (1,5-2,5)r, After this, 
because of the differentiation of the signal y [1], they 
yield at the input to the control only a constant com- 
ponent, to which the control does not react, 


The control process in the system we are consider- 
ing depends basically on the size of the second derivative 
of the function describing the influence of the disturbance, 
The second derivative is constant when the external dis- 
turbance is a quadratic function of the time 


fe (t) = K,**. (11) 


If the reaction of the system to an external dis- 
turbance of this type is known, then it is possible [3] to 
obtain an approximation to the influence on the control 
process of certain other low-frequency, external disturb- 
ances, of a harmonic form, for example with a period of 
the order of the reversal time of the executive unit (t,). 


The phase trajectories of the system in the coordi- 
nates & and 8, for the external disturbance (11), are given 
by the equation 


B = (B) + 1—A,)exp(— Aa) —-1+A, (12) 


where 


In Fig. 7 we show the process during the search for 
the function extremum for A, = 0.5, and with the other 
parameters of the system the same as in the case il- 
lustrated in Fig. 3, It is evident that the phase trajecto- 
ries are characterized by fewer false responses, and so 
the search process proceeds more rapidly, However, the 
amplitude of the oscillations of the system about the ex- 
tremum in the limit cycle is increased, with a correspond- 
ing decrease in control precision, 


This is the type of process that occurs for A, < 1. 
If Ae =1, then the asymptotic exponent is the straight 
line 8 = },.— 1, located above the horizontal axis, In 
this case, after 8 becomes positive, the system cannot 
reverse for any motion of the executive unit when there 
is no commutator; the stability of the control system is 
therefore lost, 


When there is a commutator that forces a reversal 
of the system for a definite time t,, the system also re- 
tains its stability for A, > 1. In Fig. 8 we show the transi- 
tional process in a system with a commutator with A.» = 
= 1,5 and t;, = 0,57, and the remaining parameters the 
same as in the cases shown in Figs, 3 and 7, The search 
process proceeds relatively rapidly with small reverse 
motions of the executive unit, At the end of the search 
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process, a limiting cycle is established at a certain distance from the function extremum, This example clearly 
shows the positive action of the commutator, 


The phase trajectories can be obtained similarly for cases when A, < 0, and they show that more false re- 
sponses in the search process are obtained when A, > 0, In addition, the oscillation amplitudes of the system in 
the limiting cycle are not increased, but decreased, and so the precision of the control is increased, 


We now investigate the influence on the search process of delays in the control response and in the transfer 
of the signal to the object, As is known, we can, in this way, obtain an approximation to the inertia of the execu- 
tive unit, 


Let the total delay time be ty. Then the executive commands are delayed by the time t, for each reversal, 
and the executive unit is displaced by the supplementary amount “yg. Since |x] = const, then ‘Axg = +V, ty, and 
thus, 

'd 


ag = Sz° 


The influence of delay on the control process is shown in Fig. 9. 


We consider the motion of a system, starting at the instant when its state is given by the point 1 located on 
the horizontal axis, The system reverses, in the presence of a delay, not at the point 2 corresponding to a change 
in area between the curve for 8 and the horizontal axis equal to Su» but at tne point 3, and later, not at the point 5, 
but at 6, etc, At the final part of the search process, a limiting cycle is established with the increased oscillation 
amplitude Onde 


From the phase-trajectory equations, taking into account the above conditions for the switching of the sys- 
tem, we have 


8 
exp (— ag) = Soa Hh 
2yvi (1 — re) (13) 
9 
apege = (1 — A,) exp (— o%y— a). (14) 


In order to find Ong» we determine a, from (13 ), and then solve the equation (14), 


We can similarly determine the parameters for steady motion of the system for the case when we have a 
commutator, In this case, as in the case when there is no delay, three regimes of operation of the system are 
possible, depending on the relation between their parameters, 


If a}, = sh > 2054, then the commutator in the limiting cycle is set only for each reverse of the signal 
relay, and does not operate, 


If 


Ju 44 - o “4 a (15) 
then there is a continuum of periodic motions, At the same time, the coordinates of the reverse points removed 


from the function extremum are in the range +pq, where 


a, 
=~ TS exp (— a,) 


If oy < o,, + Og, then (16) ceases to have any meaning, and the quantity o)4 for the corresponding continu- 
um of periodic motions is given by 





— 0,5(1 — Ae) [1 + exp (a)] exp (— a4— ay). (16) 


dn 
anv? — (1— Ae) (4, — %@) 
1 — exp (— a, + ag) 





+ bee Tae ay + 005 [1 + exp(—a4)I. an) 


— exp (— 4,) 
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1, 


optimal value of the time constant T for the dynamic transformation of the input signal, which can be obtained 
by calculation, using formulas (13), (14), (16), and (17), 





The maximum accuracy of control, when there are external disturbances and a delay, corresponds to the 
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LIMITING DYNAMIC CHARACTERISTICS OF 
POWER SERVO SYSTEM COMPONENTS, II. 


G. A. Nadzhafova (Baku) 


Translated from Avtomatika i Telemekhanika, Vol, 22, No. 2, pp, 185-198, February, 1961 
Original article submitted July 8, 1960 


In this article, we determine the dynamic characteristics of separately excited dc control mech- 
anisms loaded by the moments of the forces of dry friction, We present the results obtained dur- 
ing an experimental study of the limiting characteristics of servo drives, 


In the first part of this paper [1] we examined the limiting dynamic characteristics of follower servomech- 
anism response for limited moment, speed of revolution, and armature voltage, We found the limiting response 
speed of such servomechanisms to the class of functions of the type Agiy = Ag + Ayt. We assumed that the mech- 
anisms were loaded by inertial forces and statistical opposing moments created by the overbalancing load, 


In the second part of the paper we studied the same servomechanism under the same limitations, but it had 
to overcome the inertial force and loading created by the moments of the dry friction forces J # 0, M,, = 
= Mr sinw), The influence of the dry friction forces upon the servomechanism response speed was studied in [2,3]. 


The theoretical studies are outlined in [1], and also the study of the actions of a motor loaded by dry fric- 
tion moments, corresponding to the ideal case: the motor is fed from an infinite power source and the inductance 
of the motor armature is considered infinitely small, 


In actual followers, the servomechanism is not fed from an infinite power source, but from a special source 
whose dynamic characteristics influence the response speed of the follower, 


In order to clarify the influence of the inductive circuit of the motor armature and of the time constant 
upon the limiting response speed of the follower, we made an experimental study of a typical follower, 


As a result of the experimental study, we determined the influence of the time constants; this factor had 
not been taken into account in the theoretical study, but we were able to make an estimate of the limiting re- 
sponse speed, which took this factor into account, 


1, Equation for the Isochrone Regions 





Using the dimensionless variables of [1], the equation of motion of a servomechanism for the case where 
there is a moment due to the forces of dry friction has the form 


oe + =u — 9 — sin (y + @) 


or 


=ia—i,sin (y+), 


eur 


where 
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Fig. 1. Regions where motion is restricted, 


The imposition of limitations upon the coordinate system, which are associated with the mechanical char- 
acteristics of the servomechanism, limit the region of allowed values to polygons for the case of limited moments 
and speeds; moments and voltages; and voltage, moment, and velocity; for the case where only the moments are 
restricted, this region is an open region (Fig. 1). 


In order to evaluate the limiting response speed of the servomechanism, we will use the isochrone method 
[4]. 


During the operation of a motor loaded by the forces of dry friction, in contrast to the case considered before, 
the boundaries of the isochrone regions are not constructed from two equations corresponding to forward and re- 
verse controls, but from a great number of equations which are determined not only by the controls, but also by the 
sign of the angular velocity, 


Both for forward and reverse motion, the branches of the isochrone boundaries consist of two curve segments 
corresponding to the regions of initial speed differences, and are determined by the inequalities yy + ¢ < 0 and 
Yor? > 0. 


The boundaries of the isochrone regions for the case where only the moment of the motor motion is bounded 
are described by means of the following equations, For motion in the forward direction (or forward control law), 
where yo+ ¢ > 0, 

















y? f i2 peo i2 
where yo +9 < 0, 
Yo ima‘ ‘i 
a °F (1— 2). a "Mas B+ lodtaat i.) (9° + PY). 7 
For motion in the reverse direction (or reverse control law), where yg+¢ > 0, 
ow z ) mie ge 4 ive? g (3) 
eta (1— ima B, +4 ma (tma—t, Ter , 
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where yo+ ¢< 0, 


i, Yo? +.9") 
fmal'mam 's ) 

The boundaries of the isochrone regions for the case where the moment of the motion and the angular velo- 
city of the motor are bounded, may be described by means of the following equations, 














ie Yo Yo 4 ly ) maé iy 3 ir (4) 
a? = — Fe — (14 =) B + SR pi — 9, + 
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For motion in the forward direction, where y,+¢ > 0, 


_ em gy Yima_, (5) 
© Fima—i,) mas Dinatiz)’ 


where yo+ ¢ < 0, 

















_ (Yo— Yma* Yina i. (9 + 2y 9) 
= Dink i) mat 2G Fa) a. 1s: 
For motion in the reverse direction, where y,+ ¢ > 0, 
= (Yo + yma” vina ¢ ; (7) 
m= — Simati) — Bima— i) + ¥m®. — Tara 
where yo + ¢ < 0, 
nu (Yo+¥ma Una i, (9 — 24) 


The boundaries of the isochrone regions for the case where the moment of the motor motion and the volt- 
age supplied to the armature circuit are described by the following equations. 


For the direct control law, where yo + ¢ > 0, 


























_ Wo—y¥x) , y? “ma P+ imay . 9) 
°= Times iy  Yot @—4mat 4) BL— Tera) imat @, ; : 
where yo+¢ < 0, 
(Yo — Y)" (ima— +) Yo . y? 
Lh = 2imat i.) —_ a * i, a (@ — uma-+- ix) B. —_ 3 (imat i.) + 
(Uma— 9 + ig) y * i, V+ 9 21.9 (10) 
ima + i, ifha— 2 ‘mat ty 
For motion in the reverse direction, where yp + ¢ > 0, 
ye —-y (Yo — ¥) (U4mat P — fy) : 
%o =~ ~ Flimat i) ime |, + (9 + Uma— tr) B, — 
(Uma— ‘ma* (“ma 4) P (11) 
Qlima—',)—stma— f FOr y 
where yo+¢ < 0, 
SB: ye y? ns Yo? vas (Yo + ®) (4“na— ima 4 
fo Te, 2(ima— i, ) 2(imat i,) ima— i, ima—t, 
(imat és) | (mam ‘mii (12) 





(9 + Uma 's)B,— Firma tg Bima by) * 


For a bounded moment of motion, the boundaries of the allowed region for the voltage and angular velocity 
of the motor are described by the following equations, 
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For motion in the forward direction, where yp + ¢ > 0, 





























_ Y—¥;) (Yo — Y¥x) (4 — Y¥ma- P — éy ) 
rt — Sy Yo + ima— i,. — yma, + Ynat 
a 
Time TY y + Yma— Umat & + ty) In Fy Shae ys 
where yo+ ¢ < U, 
(yo — Yma* (u — im} (uma— & + P + A) 
0 — Fiat ig) — YB. + Ynat @ + ima 
(u— im? vm g? ima— i, 
2(imat1,) — imari, — 2(imapi,) + Yma—4¥ +9 +4)In —— (14) 
For motion in the reverse direction, where y»+ ¢ > 0, 
(yo + 4na* (u—im3(4—i,+@—ymd 
= 2(imat t,) * YmaSs —— yma+ @ + ima—i, anne 
(u — im2? ym g? ’ ima— i, . 
2(ima-':) imat i, + 2 (ima ty) ashi 0 Ne se — tee i,” (15) 


where yo + ¢ < 0, 











= 8 am vin 8,—Ymat+ + 
sa 2 (ima) ima 3 /mB, TimaFi,) + um 7 er 
(4u— ima (u — i, + P— yma (u — ima* ymap 2i, me 

ima— i, ~ 2(ima—i,)” ima—i, + imap e 
2i *-* (mat iy) -* ima— i, 


(16) 








(‘ma— t,)* (ama ¢,) +t 2 (ima— i,)? + (U— Yma— tr + @) In Sommer it} 


2. Equations of the Boundary Regions for the Various Modes of Operation 





The boundaries of the time regions of the isochrones for all the cases which we have examined coincide with 
the times found in [1]. 


The boundaries of the regions for the various modes of operation, in contrast to those examined in [1], may 
be found from four equations, 


The boundary separating the mode of operation in which only the moment is bounded from that region where 
two variables are bounded (moment and angular velocity) is described by means of the following equations, 


For motion in the forward direction, where yp + ¢ > 0, 











= _ Sequin 2¥ind ma _Ynw ma. 
me (tma—'s) ~ (fat #5)* (4mam #2) + (tmat +)* ’ (17) 
where y»+¢ <0, 
z= Yo as Yai ma isp? 
0” 2(imatis) hha 2 ifna- 3° (18) 


For motion in the reverse direction, where yy» + ¢ > 0, 








dee ts Yo Yind A. le (19) 
0~ —~ 3(math) tha—2® mati,’ 
where Yor <9, 
t= — Y% “md ma ie (20) 
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Fig. 2. Boundaries of the isochrone regions Fig. 3. Boundaries of the isochrone regions and 
and boundaries of the regions of operation for boundaries of the regions of operation for the 
the case where the moment and velocity are case where the moment, voltage, and velocity 
restricted (lima = 0,25; iy = 0.05; ¢ = 0; are restricted (ima = 0,25; ip = 0.05; ¢ = 0; 
Yma = 1) Uma = 1-25; yma = 1-15). 


When the servomechanism is overcoming large differences, where limitations are imposed upon three vari- 
ables (moment, voltage, and velocity), as well as for the case where limitations are imposed upon two variables 
(moment and voltage), there are two boundary lines, 


For motion in the forward direction, where y, + ¢ > 0, 


Vo — Vx yz 




















=; ae : (21) 
0 = 2 (ima ts) 2 (ima 4) 
where y»+¢ < 0, 
Yo vi io 
wT os (ima+ i.) 2 (ima iy) r ifna— i2 (22) 
For motion in the reverse direction, where yo + ¢ > 0, 
a: ox i ee (ito) (*— ‘nd 
- 2(imat ty)  2(¢mat *s) ima ‘+ 2(‘ma— ') 
a : (23) 
where y»+¢ < 0, 
ee 8 ee eee ee 
— 2 (‘ma— is) 2 (‘mat is) imam 's . (‘ma iy) 
(imat &) 2itg* ai 








xT 2 (imate)? (ima 2)* (iat 4)” 
The boundary separating a region where limitations are imposed upon two variables (moment and voltage) 


from a region where limitations are imposed upon three variables (moment, voltage, and angular velocity) is 
described by means of the following equations, 


For motion in the forward direction, where y,+ ¢ > 0, 














a vnn—S_— as?! (u+imy 
m= ey (ima *s) 2 (imat és) 2 (imam éy) + yma+ @ + 2 (ima— 5) iad 
© = 0— 90 — 8 > ye ete i —_ 
‘ma t+ u—Q@— Yma— '+ 
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where y»+¢ < 0, 
Y Yina g’ (4 — ima’ 

0 S(imat1,) (eat i.) ~ 2(matt) | M+? + oi) — 
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° | ima— i, 
team ( P78 See (26) 
For motion in the reverse direction, where yp + ¢ > 0, 
2 2 , 
ee Yo Y¥ma Po hs 
%o = ~ 2(ima+ i,) ' Z(imat !,) +3 (ma—1,) 7 mer ey (ima—i,) * 
(4 + @ —i,) (u— tna : ima— ly 
4 ae . 27 
ima— i, + (u iy + @) a ’wna— ‘? ( ) 
where y»+¢ < 0, 
Y% Yina Zig 
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T{ima— 1) * Z(ima %)— (ima 4) (ima i) ¥™At  — 
(4 — im” imat és) 9 
2(ima— iz) © 2(ima— é,)? 


ima— i. 
u—Yma— i+ @ 


In Figure 2 we split the phase~plane regions according to the 
phase trajectory for optimum operation for the case where the mo- 
ment and velocity are limited, In the same figure we give 

cs . examples of isochrone regions corresponding to various modes of 
| operation, 
[ewq — fewnd 








+ (u—i,+q) In (28) 








In Fig. 3 we show the subdivision of the phase plane into 
regions for the case of a servomechanism which has three bounded 
coordinates, In the dashed region A, only the moment is limited; 

in the cross-hatched regions B, two coordinates are limited, for 
Fig. 4. t: AM 
6 sey pene elonmsnse , example the moment and the voltage; while in region C there are 


— jous motor; G) separately ex- three bounded coordinates: moment, voltage, and velocity, In the 


cited de generator; M) separately ex- 





etuih de mater: 0 coducee, EWG) same figure, we give the isochrone regions for all three cases, 
generator exciting winding; EWM) motor 3, Experimental Investigation 
exciting winding. 


Experimental investigations were carried out with the aim 
of studying the influence of the electrical transitional processes 
occurring in the motor armature circuit during changes in the control voltage, and also to determine the influence 
of a constant excitation time for the windings of the generator, which feed the motor, upon the dynamic character- 
istics of the servomechanism. 


The experiments were carried out using the electronic modulating device of the type IPT-5, 
The circuit of the servomechanism under study is shown in Fig. 4, 


The system under study is described by means of the following equations, which are written in dimensionless 
coordinates: 


Equation for the motor-armature circuit 
dig (29) 
ri a tia =u—y—®, 


where T, = is the time constant of the motor-armature circuit; 


La 
RaTbas 
Equation for the exciting circuit of the generator 


F,, cat ieg= Weg (30) 
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where T, = ——--5— is the time constant of the exciting winding of the generator, and leg = —“B. is the ex- 
RegT bas Ubas 

citing voltage of the generator; 


The generator equation 


eg= leg , (31) 
During the motor operation in the G— M circuit 
U=e,, (32) 
The equation of motion of the motor 
& (33) 


92i = 1g — ig. 


Eliminating the intermediate coordinates from Eqs, (29)-(33), and rearranging, we get the following equation 
for the G— M system: 


TPs Fat (Pa + Te) Get (1 +1) Gat a = Meg ha @ ce 


We studied the following particular cases of Eq. (34), 


A, T, = 0, T; = 0, ie., the motor is fed from an infinite power source, and the inductance of the armature 
circuit is equal to zero, 


In this case, the equation takes the form 
t+ F=u—in (34") 


B, Tz = 0, Ty # 0, ive., the motor is fed from an infinite power circuit, but the inductance of the motor 
armature circuit is taken into account: 


r+ Reeee se a 


C. Tz #0, Ty #0. Equation (34) applies to this case, 
We investigated the cases for i, = 0, i, = const, and i, = 4 7siny, where limitations were imposed*: 


a) only upon the moment of the motor 


dz : 
Fa | Sima 


b) upon the moment and angular velocity of the motor 
d*z . dz 
a Stma and [| <yma 


c) the moment of the motor and the voltage applied to the motor armature 


d*z . 
Fa|<ima and |u|<uma 


d) the moment, the voltage applied to the motor armature, and the angular velocity of the motor 


ES Sima, |4|<ama 2d | |<yma 





*In the experiments we assumed, for simplicity, that g = 0, 
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The motor was controlled by changing the voltage applied to the motor armature for a constant excitation 





current, Therefore, when the motor was fed from an infinite power source , the motor was controlled by changes 
in the voltage u, while, in the case where the motor operated as part of the G— M circuit, the motor was con- 
trolled by changes in the voltage supplied to the exciting winding of the generator, 


In our investigations we assumed that the working portion of the no-load generator characteristics was linear, 


In order to evaluate the effects of the various parameters, we compared the boundaries of the isochrone re- 
gions which we obtained experimentally with those for the idealized case (T, = 0, T, = 0) (derived analytically), 


The equations for the control voltage was formulated according to the equations obtained for the case T,= 
= 0 and T,; = 0, The laws of change of the controlling voltage depend upon the character of the load (further on 
we examine the cases where i, = const and i, =i7siny), and have the following form, 


For the case where only the motor moment is limited: 


a) i, = const 








in for t<0, 
| imat+ (ima—in)t for  OCT<T, 
Fiona ites 
or tT ; 
(tma + fn) (t — Tr) ; : 
b) i, = ipsiny 
{in for +t< 0, 
ima-+ (ima— iz) tT for 0<t<%, 
u(t)= 4 ima+- (ima— tx) T1 — (mat tx) (t — Tr) for AFIS 
y = 
—imat (ima x) t1 — (ina t #2) t, — (i naa) (t —7,) for 1 <t<t 
{ and y < 0. 
For the case where the moment and armature voltage are limited: 
a) i, = const ‘ ies as 
_ J émat (ima— in) Tt for 0<t<%, 
“Sigghe Uma for 41 <t<t%, 
uma —ima—(imatin (T—Te) fOr TCT; 
b) in = ipsiny 
‘in for ¢ <0, 
ima+ (ima— iz) t oa 9 <t<h} 
Uma OF Ut 
u(T)= } uma—ima— (imat és) (t — 72) for HWt<t, 
to y= 0, 
uma— ima— (imat iz) (t, — t2) — (ima— x) (t — t) for t<Ct<t, 
' and y <0. 
For the case where the motor moment and velocity are bounded: 
4) in = const 
in for ¢ <0, 
ima+ (ima— in) T for OCT, 
ars in + (ima— tn) 1 for %1<t< 1%, 


— ima—(imat in)(t—%2) fT BCT<T,; 
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Fig. 7. Oscillograms of the changes in the control voltage, velocity, and differ- 
ence angle for i, = iy siny, where the moment and velocity are restricted, for 
various isochrone times (itr = 0.1), Scale: ugopt~ 1 mm = 4 volts; y~ 1 mm = 
= 2.74 volts, and x— 1 mm = 5,2 volts, 





*) b) i, = ipsiny 
ee” for +< 0, 
ima+ (ima— ix) T for O<Ct<%, 
i + (ima—-&) 1 for 11 <t<t., 
u(t) = } _ ima— (imat i) (t — %) for w%<t <5 (37") 
y = 
h i i.) (t’ — te) — (ime is) (t —4,) for I< t<t,, 
| — ima — (imat #2) (t, Te) — (ima #2) ( 2) 2< is ; 
) The case where the moment, voltage, and velocity are bounded is not of intrinsic interest, and is a limiting 


case when the moment and voltage are limited for large time isochrones, Therefore, this case was not investigated 
experimentally, 
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Fig. 8. Experimentally determined isochrones for the case where only 
the moment is restricted (i,,, = 2.5; i, = 0.5, and 8, = 3), 








Fig. 9. Experimentally determined isochrones for the case where 
the moment and voltage are restricted (ipa = 2.5; iy = 0.5). For 
the continuous line: T, = 0.1, T; = 0.2; broken line: T, = 0,1, 
Tz = 0.5. 


4. Circuit of the Setup Involved in the Problem 


In Fig. 5 we show the structure of the part of the setup which is force-modulated by an overbalanced load 
(i, = Const), and fed by an infinite power source for T, = 0. 


In order to obtain the case where the motor shaft is subjected to a moment (i, = iz sin y) due to dry friction, 
we use the amplifier 5 with a limiter, and relays 1P and 2P, which are used to change the sign of the load during 
changes in the sign of the velocity, We can change the magnitude of the load within wide limits (from 0 to inom) 
with the aid of resistance Ry. We obtain from the output of amplifier 1 a voltage corresponding to the velocity, 
and from the output of amplifier 2 a voltage corresponding to the value of the adjusted angle for an optimum law 
of change of the control voltage. 
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Fig. 10, Experimentally determined isochrones for the case 
where the moment and velocity are restricted (i,j, = 2.5, 

i, = 0.5). For the continuous line: T, = 0.1, T, = 0,2; broken 
line: Ty = 0.1; Te = 0.5. 


If we take the inductance of the motor armature circuit into account, the circuit for the system is given by 
Eq. (34"), and it can be represented by means of the same setup, if we add an additional amplifier. 


The structure of the circuit corresponding to a G— M system, which agrees with Eq, (34), differs from the 
preceding circuits because it has feedback proportional to the first, second, and third derivatives with respect to x, 


On the basis of the expressions obtained above, we built a model of the control parts of the optimum system, 


The control circuit was subject to change, the changes depending upon the number of bounded coordinates and the 
character of the loads, 


In Fig. 6 we show the setup of the control portion for the case where only the motor moment is bounded, and 
the motor shaft is subjected to a constant load, As we have previously shown, the law of voltage change for this 
case consists of two parts, From the output of amplifier 3, for which we choose the appropriate coefficient of 
amplification, we obtain a voltage proportional to (i;,,— i,), while the output of amplifier 4 is proportional to 
(ima + i,)€* —1,). The constant components ip, and ~i:g, entering into the equation for u..,;, are obtained 
with the aid of the contacts of relay 2R,. 


In order to plot the isochrones, it is necessary to vary T , within the wide limits (0 - T.), and this we can 
do with the aid of a comparison circuit which uses the outputs of amplifiers 1 and 2 and a diode limiter and relays 
1P and 2P, The law of change of the controlling voltage is obtained at the output of amplifier 5, 


If the motor shaft experiences a moment due to the forces of dry friction, then the circuit becomes some~- 
what more complicated, In this case, in addition to the two intervals which occur for i, = const, there is a sub- 
interval in the course of which u = (i,j, + it)(T — Tj). This part of the controlling voltage occurs when y = 0, 
and remains until the end of the process, while y = 0, In order to formulate the controlling law for this subinter- 
val, we make use of a special amplifier which provides a voltage u =—{im, + it)(t — T j) for the cases where the 
moment, voltage, and angular velocity of the motor are limited, 


As an example, we present,in Fig. 7, oscillograms*which show the changes in the controlling voltage y and 
X for the case where the moment and velocity are limited; for Ty = 0.1, T; = 0.5, ima = 2.5, i7 = 1 for isochrone 
times Be = Te = 0,6 and Be = Te =1, The following scale coefficients are used during modulation: Mr = 0,1, 
Mx = My = My = 0,01, : 

The boundaries of the isochrone regions were obtained experimentally; we determined the angle of adjust- 
ment x for various resistance moments (static or dry friction), and at various times during the transitional process, 


*In motors used in follower systems T, < 0,1. The oscillograms in the figure are reduced to 1/3. 
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The isochrone regions, as plotted experimentally for the ideal case (T, = 0 and T; = 0), coincide perfectly with 
the isochrones which have been determined analytically by means of the formulas which we have derived, 
In order to determine the influence of the time constants of the armature and exciting generator windings, 


we conducted experiments using values for these parameters which greatly exceeded those in actual systems, The 
time constants were varied within the following limits: T, = 0-1,0, and T, = 0-0,5. 







































In Fig, 8 we present the experimentally determined boundaries for the case where only the moment is 
limited for 8B, = T, = 3 for various values of T, and Tz; in Fig, 9 we present the case where the motor moment 
and voltage are limited for large isochrone times. Figure 10 gives the case where motor moment and velocity 
are limited. (In both Figs. 9 and 10 the isochrone represented by the solid line is for Ty = 0.1, Tz = 0.2; by the 
dashed line is for T; = 0.1, Tz = 0.5.) 


5. Experimental Results 





The experiments which we have carried out show that, for the widest range of T, (0-1,0), the velocity y 
and angular displacement x (the adjustment angle) differ from the computed values (if we neglect the armature 
inductance) by less than 10%, 


The electrical transitional processes in the exciting winding influence the operation of the optimum system 
and, consequently, the estimate of the possible limiting time required for the transitional processes for the case 
where the difference between the angles is small, i,e., for sufficiently small times 8 « < 2 (the x and y errors are 
approximately 25%), 


The errors are the result of neglecting the time constants T, and T;, and increase as T, and T, and the load 
on the motor shaft increase, 


For B+ > 3, the error does not exceed 10%, Since the voltage and velocity limitations become effective 
after a time 8, > 3 then, for a limited moment and voltage, the absolute values of the errors in the moments 
and velocities for y and x are less than 10%, 


SUMMARY 





1, The equations which we have obtained for the isochrones and the region boundaries permit us to evalu- 
ate the response speed of an electrical servomechanism loaded by the moments of dry friction, Examining the re- 
gions of initial differences and technical requirements, it is not difficult to choose the required servomechanism, 
or to verify whether a given servomechanism will function satisfactorily with respect to speed of response, 


2. The investigation which we have carried out has shown that, during the projection of electrical constant- 
current, separately excited servo-follower systems we can estimate, with sufficient accuracy, the limiting possi- 
bilities of the system from the boundaries of the isochrone regions for the ideal case (T, = 0 and T, = 0), 


3, In the synthesis of a control with optimum response speed, we may use the point of intersection of the 
equations of lines which represent the ideal case, This permits us to simplify the control circuit considerably 
without introducing any basic (significant) errors, 


4, Where the motor is fed from an electronics rectifier, the errors will be much lower than for the G- M 
system, since the rectifier constants are small compared with G— M time constant, 


5. There were large errors in y and x (about 25%) during the processes involved in correcting small errors, 
Since it is of importance to have a servomechanism with a rapid response for cases where there are large errors, 
errors in the velocity y and adjustment angle x in an actual optimum control system do not have a practical mean- 


ing. 


LITERATURE CITED 


G, A. Nadzhafova, "The maximum dynamic characteristic values of servomechanism components of servo 
systems, I," Avtomatika i Telemekhanika 21, No, 7 (1960), 

2. R.A. Velershtein and A, A. Fel‘dbaum, “The development with the aid of an electronic model of systems 

which are close to optimum systems,” Avtomatika i Telemekhanika 19, No, 9 (1958), 







T. M, Stout, “Effects of friction in an optimum relay servomechanism," Trans, AIEE 72, Pt, I (1953), 

A. Ya, Lerner, "The design of rapid response automatic control systems in which the values of the coordinates 
of the regulated object are limited,” Works of the Second All-Union Conference on the Theory of Automatic 
Regulation [in Russian] (AN SSSR Press, 1955) Vol, 2. 


All abbreviations of periodicals in the above bibliography are letter-by-letter transliter- 
ations of the abbreviations as given in the original Russian journal. Some or all of this peri- 
odical literature may well be available in English translation. A complete list of the cover-to- 
cover English translations appears at the back of this issue. 








ELEMENTS AND UNITS OF A DIGITAL COMPUTER ONE-CYCLE PARALLEL 
ARITHMETIC DEVICE WHICH USES FERRITE TRANSISTOR CELLS 


M. I, Petrukhin (Leningrad) 


Translated from Avtomatika i Telemekhanika, Vol, 22, No, 2, pp, 199-208, February, 1961 
Original article submitted January 22, 1960 


In this paper we examine some of the principles involved in the design of one-cycle ferrite transistor 
cell circuits such as delay elements, unsymmetrical output triggers, shift registers, and cumulative 
adders for a parallel arithmetic device, 


Switching circuits which use ferrite transistor cells (FT-cells) possess a series of advantages over circuits 
built of static potential triggers, This is due to the less rigorous requirements which may be imposed upon tran- 
sistors, The use of FT-cells results in a significant improvement of the reliability of digital computers (DC), 


FT-cell circuits, in contrast to potential pulse circuits, possess a series of properties which are the result of 
the following properties of FT-cells: 


a) there are no control potentials at the outputs of the memory cells; 


b) a pulse appears at the output of the memory cell only during the time when the core, which has a rec- 
tangular hysteresis loop, changes over from one stable magnetic state to the other; 


c) the information stored in the cell is “erased" after it has been transmitted to another circuit element. 


In the majority of cases, the FT-cell circuit is constructed so that information is transmitted from one group 
of cells to the other by means of pulse action, Double and multiple cycle circuits are slower than single-cycle 
systems, The devices which must be used to direct the operation of such circuits are much more complex, 


In the following we will examine some of the principles of circuit construction of the elements and units of 
a single-cycle parallel digital computer (AC) DC which uses FT-cells, The parameters of various types of cells 
used in particular applications are determined in each case by the characteristics of the transistors and ferrites used, 
The circuit design depends upon the mutual relations between the parameters of the elements of which the circuit 
is to be constructed. Therefore, in the following, we will emphasize the necessity of observing the relationships 
between the circuit parameters; the specific circuits studied in this article are presented as illustrations of this 


principle, 


1, Computer Elements 





Time Delay Elements 





The time delay elements used were the so-called self-excited FT-cells. They operate in the manner out- 
lined below. In the self-excited cell shown in Fig, 1 there is a degree of positive feedback between the transistor 
collector and base circuits, ie., there are more turns in the collector (w;,) and base (wp) windings than in the usual 
FT-cell, 


If the initial state of the ferrite is the +B, (-B,) state, then the pulse will change the cell induction from 
+Br (-B,) to —Byj. During the process, an emf will be induced in the transistor base winding which prevents the 
transistor from acting as a closed switch, After the passage of the input pulse (i.e., after the trailing edge has 
passed), the core induction changes from —B,, to —B,, and an emf is induced in the base winding which unlocks 
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Fig. 1. Self-excited ferrite-transistor cell: a) circuit schem- 
atic; b) block diagram; c) ferrite hysteresis loop, 
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Fig. 2, Single-cycle trigger with an unsymmetrical output (first variation); a) circuit 
schematic; b) block diagram; c) sequential diagram. Wh, * Whe = 8; Wky = Whe = 12; 
Win = 12; r = 56 ohms, C = 6800 picafarads., 
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Fig. 3. Single-cycle trigger with an unsymmetrical output (second variation): a) cir- 
cuit schematic; b) sequential diagram, why = 12; Why = 8; Wkg = 18; Whe = 12, win = 8. 
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the transistor (this permits signals to pass through), A regenerative process starts due to the strong positive feed- 
back leading to the magnetization of the core and a change in the core induction from —B, to +B, . We obtain, 
at the output, a current pulse which is delayed with respect to the original pulse by the pulse-duration interval, 
The self-excited FT-cells have one equilibrium state, This property enables us to use these cells as time-delay 
elements, 


The self-excited cells used in practical circuits may be built from PP-24 ferrite, 4 x 2.5 mm in size, or 
from K-132 ferrite, 3x 2mm in size, with rectangular hysteresis loops having a coefficient of linearity a = 0.8, 
and may use type P14, P15, or P16 transistors, The core windings have the following number of turns: w,; = 18, 
Wb = 12, and wy, = 8. In order to decrease the decay time of the output pulse, and also to improve the circuit 
stability, a 10-ohm resistor (Re) is inserted in the emitter circuit, The value of the limiting resistor Ry, depends 
upon the number of cells (which constitute the load) that are included in the output circuit of the given cell, 


Trigger with Unsymmetrical Output 





The basic memory element of the cumulative type of parallel adder is a single-cycle trigger with an un- 
symmetrical output, The circuit element uses a single rectangular hysteresis loop ferrite core and two transistors, 


We obtain an output pulse from the trigger which is delayed by an interval equal to the pulse duration with 
respect to the input pulse, Therefore, we do not need to use special time-delay circuits when a “carry” unit is 
fed into the parallel carry circuit of the adder, Since the trigger circuit is constructed from a small number of 
elements, it is sufficiently simple and reliable, 


Let us examine two variations of the trigger circuit. 


In Fig. 2 we have a single-cycle trigger circuit with a nonsymmetrical output (first variation), the trigger 
input is connected to a differentiating RC chain, 


In contrast to the simple scaling cell which has a differentiating circuit connected to its input [1], the cir- 
cuit under study has two outputs, It is from one of these outputs that we obtain a pulse which is delayed with re- 
spect to the input signal, 


The trigger operates as follows. 


Let us assume that the initial state of the ferrite is that corresponding to a "0" (refer to the hysteresis loop 
of Fig. 1b and the sequential diagram Fig. 2b), The first pulse (positive) that is applied to the winding wip ap- 
plies ampere~turns to the core, which change the core magnetization from +B, to —B,, i.e., to the state correspond- 
ing to a "1." At the time of remagnetization, the transistor PT, switch provides a closed path and a current pulse 
Tout, 4ppears at “Out 0," The NI of the second (negative) pulse are compensated for by the NI in the wy, wind- 
ing due to the current Ipyre The duration of the Ipyt 9 Pulse, which, when the transistor is saturated, is determined 
by the dispersion time of the minority carriers in the transistor base, must be long enough to establish successful 
ampere-turn compensation in the turns of the w;,, winding. 


In a practical circuit where the number of ferrite cores in the trigger load is known, a resistor of the order 
of 100 ohms is added in series in the transistor collector circuit, This ensuresthe requisite degree of saturation of 
the transistor, and the proper output pulse duration, Successful ampere-turn compensation by means of the wip 
winding is assured even when the input and output pulses are of the same duration. 


The next positive pulse which is applied to the wi, winding reaffirms the state of the core, when the core is 
indicating a "1," while a negative pulse counts the registered “unit,” i,e., it changes the magnetic state of the 
ferrite to that corresponding to a "0," In this process, the transistor PT, conducts, and a current pulse I,,, , *Ppears 
at the “Out 1° terminals; this pulse is delayed with respect to the pulse at the output by a time interval equal to 
its duration, The third input pulse confirms the results of the first pulse, etc, 


The trigger circuit which we have described, and which makes use of P14, P15, and P16 transistors and 
K+132 and BT-5 ferrites 3 X 2 mm in cross section, operates satisfactorily when continuous pulses having a fre- 
quency of 300-350 kilocycles are applied to the input, We may omit resistor R, since, in a practical circuit, its 
role is taken by the input resistance of the ferrite, looking into the wi, winding. In order to increase the circuit 
stability and the slope of the trailing edge of the output pulse, a 3-5 ohm resistor is placed in the transistor emit- 
ter circuit; this creates an automatic positive voltage shift in the transistor base circuit, This resistor is not shown 
in the diagram. 
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We may assume, with some degree of approximation, that the lengths of the input and output pulses are the 
same for all FT-cells, i.e., Tin = T out = Tic 


We must note that, in an unsymmetrical trigger circuit, the changeover time, as well as the resolving time, 
depend upon the state of the trigger. The resolving time, which is measured by the minimum interval between 
two consecutive output pulses at the output, which set the trigger in the "1° and "0" positions, is equal to Tj, 
while that between two pulses which set the trigger in the "0" and "1" positions is 2r;. 


In an analogous manner, the time required to switch the trigger from the "1" to the zero state is measured 
from the time that the pulse enters the input to the time that the trailing edge of the pulse leaves the output, 


Tsw o = Tout + Tato = GU + Tat 
where Tr, is the time involved when the trigger switches from a "0" to a "1," 


The time required for the trigger to switch from a "1" to a "0"; 


Tew 1 Tour +tgyg = 2T; 
if we consider that the start of the output pulse coincides with the end of the input pulse, i., Ty. = Tin = 7 i 
The other unsymmetrical output single-cycle trigger circuit (second variation) is shown in Fig. 3. 


The FT-cells for transistors PT, and PT, are self-excited and use the same ferrite core F,;. An RC chain is 
common to the base circuit of each transistor, Let the initial state of the core correspond to that of a "0" (the 
residual induction is +B,), The first input pulse changes the magnetic state of the core from +B, to ~B,,. Mean- 
while, transistor PT, conducts, and a current pulse Ipy; , appears at the “Out 0" terminals; this coincides with the 
time when a pulse appears at the input, The base current in transistor PT, charges capacitor C, At the conclu- 
sion of the input pulse, the magnetic induction changes from —B,, to —B,. Due to the change in magnetic induc- 
tion, an emf is induced in the base winding poled so that a negative potential is applied to the base; this tends to 
switch on the PT, transistor, However, the transistor switch is not closed, because this negative potential is op- 
posed by the positive charge on capacitor C, The second input pulse, in contrast to the first, leads to an insigni- 
ficant change in the core induction from —B,; to By). Therefore, the emf induced in the base circuit of tran- 
sistor PT, is insufficient to switch the transistor to the saturation region and to permit the flow of collector current, 
Therefore , the transistor switch is only partially closed, and the transistor operates in a region close to that which 
would result in a flow of collector current and an error pulse appears at the “Out 0° terminals of the trigger. How- 
ever, the base current of transistor PT, is not large enough to charge the capacitor to a voltage high enough to 
compensate for the change in the core induction from —B,, to —B,, caused by the trailing edge of the input pulse, 
As a result, the cell and transistor PT, are self-excited, and a current pulse Ipyt 1 4ppears at the “Out 1” terminals, 
This pulse is delayed with respect to the pulse at the even input by an interval of time which is equal to the pulse 
duration, Resistor R provides a discharge path for capacitor C. 


Normal operation of the trigger circuit requires oniy that the cell associated with transistor PT, operate, 
Therefore, in order to decrease the errors at “Out 0," the parameters for transistor PT, are those which are usually 
chosen for the case of nonself-exciting cell operation, ie., Wky < Wie and Why < Whae 


The frequency range of this trigger circuit is the same as that of the trigger circuit of Fig. 2. 


The principle underlying the design of self-exciting FT-cells is used in (2] in order to obtain scale counters, 
However, in the latter circuits, the retarding action, associated with self-excitation, which results after the core 
has switched from the "0" state to the "1" state, leads to a resorption of the minority carriers which had accumu- 
lated in the bases of the diodes, which are connected in the forward direction in parallel with the base-emitter 
circuits of the transistors, In addition, in [2], the principle is not associated with the idea of designing a trigger 
circuit which has two unsymmetrical outputs, 


Composite FT-Cells 


Usually the process of reading out the information stored in the FT-cells is associated with the emission of 
a pulse to the external circuit. Very often circuits are used which do not require that a pulse be sent out simul- 
taneously with the reading of a "1," which has been stored in the ferrite core, In these cases, it is convenient to 
use a so-called composite FT-cell, 
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Fig. 4. Composite FT-cell: a) circuit schematic; b) 
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Fig. 5. Cell for transmitting the information in the 
direct or reverse code: a) schematic diagram; b) 
block diagram. 
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The composite FT-cell (Fig. 4) consists of 
two series-connected simple cells, Ferrite F, is 
the basic memory cell, and ferrite F, is the auxili- 
ary cell, 


In order to register a “1 * (Y "1"), an input 
pulse must be received simultaneously by the cores, 
The counting (reading out) of the "1" (Y "0") may 
or may not be associated with the appearance of 
an output pulse at the output of the composite cell, 


Let us examine a composite FT-cell which 
we use for reading out digits in either the direct or 
complementary code, from the registers or the 
adder, 


The basic circuit of such a cell is shown in 
Fig. 5. Windings associated with the base and col- 
lector circuits of transistors PT, and PT, are placed 
on core F;, A "0" or a "1" is stored (written) in 
the cell when a pulse is fed either to input Y"0" 
or input Y"1," 


Let us assume that a "1" is registered in the 
cell; this corresponds to a negative induction in 
both cases, Then, when a control pulse is applied 
to the terminals labelled “Direct Code Readout,” 
the magnetic state of both cores is reversed simul- 
taneously, the transistor switches PT, and PT; are 
closed, and a pulse corresponding to a "1" appears 
at the circuit output, If a control pulse is applied 
to the terminals labelled “Complementary Code 
Output,” only the magnetization of core F, is re- 
versed, The "0" is read out in a similar manner 
(either in the direct or complementary code), 


2. Arithmetic Computer Blocks 





Shift Register 


The schematic of a single-cycle shift register 
[3] for one digit (on the left) is presented in Fig. 6. 


The following cells are provided in the 
register for each digit: FT ok ~ composite FT-cells 
which are used to receive, remember, and store 
the parallel number code; FT,), — self-excited 
cells which serve to delay the pulses by the time 
corresponding to a “unit” shift in response to the 
application of a shift pulse to the *Shift® input; 
and the FTp}, — Composite cells used to transmit, 
in either the direct or complementary code, the 
number stored in the register to the other parts of 
the DC, 


The code is written in the FT), cell at the 
same time that it is received by the basic register 
memory cell PT py: 
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The code shift is actuated when the control unit applies a pulse to the “Shift” terminals, This involves the 
simultaneous counting of the “units® by those digits of the register in which they had been stored, 


The impulses at the output ofthe FTp, cells enter the FTz, cells (here they are delayed by a time interval 
equal to the pulse duration), and they set up a "0" on the FT), for the same digit of the register, 


Upon its release from the FT,, cell, the pulse, as in the case when a “1° is written, enters the FT 4-1) 
cell of the neighboring digit, and shifts the number on the digit-register tothe left, as in the FTp ¢,.1) cell which 
"“follows® the code which is registered in the basic cells of the corresponding digit of the register, 


If we make an approximation and assume that all impulses are of the same length, and neglect the delay 
caused by the operating time of the FT,;, cells, then the FTz cells delay the pulse by a time interval equal to 
the duration of the pulse applied to the “shift” terminals, i.e., the minimum necessary time delay is obtained by 
the normal register operation when a pulse is applied to the “Shift" terminals, This type of circuit gives us a 
register which functions more rapidly than one using the double-cycle principle , 


When a control pulse is applied to the “Direct Complementary Code Output," the number stored in the 
register is transmitted to other parts of the computer, A code can only be sent out by the register one time, If 
the register must transmit the same code many times, then supplementary cells (which are self-excited) must al- 
so be used to regenerate the code, 


Practical single-cycle registers using P14-P16 transistors and 3 X 2 mm ferrite cores, operate with shift 
pulses having a frequency of 200-250 kilocycles, 
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We can easily obtain a single-cycle trigger from two digits of the register which are connected to each other 
in a ring. This type of trigger circuit permits us to obtain pulses at the outputs which coincide with pulses arriving 
at the even input, and also pulses which are delayed with respect to the latter by a time interval equal to the pulse 
duration, This property of the trigger may be used in designing the various DC circuits, 


Adder 


The functional diagram of a single-cycle parallel cumulative adder of the type described in [4] is given in 
Fig. 7. One unit of the adder contains the following cells: Tp, — trigger with unsymmetrical output, FT p_ — 
composite cells in the parallel carry circuit, FT,)— self-excited cells which serve to delay the pulses during the 
interdigital carry period, and FTp, ~ composite cells which transmit the numbers (either in the direct or comple- 
mentary code) from the adder to other units of the digital computer, 


The adder operates in the following manner. 


We will assume that all digits of the register are set to the "0" position, The code of the first term which 
is received from the control element (input register) is applied to the even inputs of the triggers Tp, For those 
digits for which the code of the number is a "1," the triggers operate, and the pulse at the "0" trigger input writes 
a "1° in the FT,), cell in the parallel carry circuit and in the FT; cell in the circuit which transmits the code 
from the adder to the next unit of the DC, If the code of the second term, for the kth digit, is also a "1," then 
the trigger for this digit now registers a "0," and a delay pulse appears at the "1" output; this counts a "1" on the 
FTp cell, and thus, in the following (k— 1)st digit, a carry pulse appears, The “unit® carry is applied to the 
parallel carry circuit and, after a delay caused by the FT,;, cell, to the input of the trigger associated with the 
(k— 1)st digit, 


The carry pulse must be delayed upon its introduction into the parallel carry circuit in order to enable the 
FT,;,cell of the digit to assume the position corresponding to a "1" when this is necessary, and to thus prepare the 
parallel carry circuit for the receipt of a pulse from the higher digit, The “unit” carry travels through tLe parallel 
carry circuit up to the digit in which the code "0" is written, and establishes, in turn, a "0" in the triggers of all 
the higher digits, 


Thus, the delay that is required upon the introduction of a carry unit into the parallel carry circuit is as- 
sured by a trigger circuit having a “unit” output from which a delayed pulse is obtained. The self-excited cell 
fills the role of a delay element for interdigital pulse carriers. 


The code is transmitted from the adder by means of the FT,), cells when control pulses are applied to the 
"Direct Complementary Code Output,” 


The adder is set to a “0” in the following manner, A "0" pulse is applied to the Y,"0" terminal, the FT), 
and FT), cells are set to the “0° position, and after a delay which assures the proper operation of the controls in 
the self-excited cells, it is applied to the Y,"0" terminals setting the Tp, trigger in the null position, 


We will now determine the maximum time taken by the adder to add two numbers; the time will be meas- 
ured from the moment that the second term enters the adder input (the first term is already in the adder), to the 
time when the adder finishes obtaining the sum, For an n digit adder, this time is determined by the time re- 
quired for the carry pulse to travel from the highest (nth) digit to the lowest (first) digit in the parallel carry cir- 
cuit, Thus, assuming that the first term consists of all 1"s except for the first digit, and the second term consists 
of a 1 in the highest digit. In determining the maximum time required for the addition, we must take account of 
the fact that the time required for the operation (switchover) of the trigger associated with the second digit when 
the trigger is in the "1" position is greater than the time required for the operation (switchover) of the trigger for 
the first (i.e., lowest) digit, which is in the "0" state, Therefore, the conclusion of the addition process coincides 
with the conclusion of the transitional processes in the second digit of the adder, If we take this into account, the 
maximum time required for the summation is determined by the formula 


Ts max =Tdtl + dp (n—1)+ Tai +(Tsw1 —Tap), 


where T qr is the time delay due to the operating time of the trigger circuit for the highest digit during the transi- 
tion from the position corresponding to a "1" to the position corresponding to a "0," T gp is the time delay due to 
the time required for the pulse to travel along the parallel carry circuit for one digit (in the FT), cell), n is the 
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number of digits in the adder, T gj is the delay time of the pulse during interdigital carry (delay in the FT_, cell), 
and T cw, is the time required for the operation of the trigger in the next-to-the-last (i,e,, the second) digit, 


If we assume that the duration of the pulses circulating in the circuit is the same at the inputs and outputs 
to all the elements, and equal to rj, then we can assume approximately that 


Tdtl = Tdi > T; 


Consequently, 
Ts max = Ti+ Tap (n—1)4+ Ti 4 (2tj —Tdp ) = 4Ti + Tdp (n — 2). 


SUMMARY 


1. Self-excited ferrite transistor cells may be widely used in digital-computer circuits, Their use leads to 
rapid-acting, single-cycle circuits for the basic elements and blocks of the parallel arithmetic devices of digital 
computers, These circuits require a minimum amount of components,* 


2. The use of single-cycle unsymmetrical-output trigger circuits, where the output pulse obtained at one 
of the trigger outputs must be delayed with respect to the pulse applied to the even input, leads to circuit simpli- 
fication and to circuits which contain less circuit elements, since the circuits need no longer include supple- 
mentary delay elements, 


3. Single-cycle shift registers and cumulative-type parallel adders can be used in various fast-acting cir- 
cuits for the arithmetic blocks making up a digital computer (DC), 
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*By the number of components in a circuit we mean the number of basic (or their equivalent in cost, dimensions, 
or other indices) elements in a circuit, In the given case, the transistor is the basic circuit element, 
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ELECTRONIC DECODING AND CODING FUNCTION GENERATORS 


V. B. Smolov (Leningrad) 


Translated from Avtomatika i Telemekhanika, Vol, 22, No, 2, pp. 209-215, February, 1961 
Original article submitted October 10, 1960 


This article describes digital- analog computers which can be used for the functional decoding of 
digital information and the functional coding of analog information, It also presents the calcula- 
tions used in the design of these computers. 


1, In the theory of automatic devices, linear electrical coding and decoding computers which transform 
digital information N into analog form (voltages, currents), and vice-versa, according to the functions 

U=K,,N, (1) 

N=K,U, (2) 


where Kj and Ky are scale factors, are well known [1,2]. 
However, in a series of cases where decoding and coding computers have been used in various automatic 
systems, it is necessary to decode and code according to the functions 
U =K,Q@(N), (3) 
N =K,F(U). (4) 
It is obvious that the problem may be solved by the use of linear decoding and coding computers in con- 


junction with a computer which has the characteristics Upyr = F (Ujn)— a continuous type computer; Noyt = 
= @(Noyrt)— a discrete (digital) computer. 


Since, in the given case, the required functional transformation can be performed by a digital computer 
while analog computers serve only in the linear processing of the information, the setup for a functional decoder 
and coder becomes more complex, Therefore, it is undoubtedly of great interest to design a so-called functional 


decoding and coding generator which, in its operating principles, is a continuously operating discrete type of com- 
puter, and which possesses characteristics of the type (3) and (4), 


This paper is devoted to the examination of one of the possible methods of building a functional decoding 
and coding generator [3,4]. 


2. An electronic functional decoder automatically transforms digital information N,, usually provided in 
the form of a parallel double (paired) code, as an output voltage U, obtained according to Eq. (3). 


As a result of the discrete form of the input information N,, the voltage U, has a stepwise character (Fig. 1), 
and the magnitude of the step AU, in contrast to the linear coding generator, is represented here as a function of Nj: 


AU = f(N)). 


In the design of functional decoding generators, we may make use of piecewise-linear, piecewise-stepped, 
piecewise-nonlinear, and smooth approximating functions (3) [5,6]; however, we will examine the piecewise- 
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) Fig. 3. Linear decoding generator with constant output resistance, 
1), 


Ng: linear method of approximation, since this leads to the simplest design, As we see from Fig. 1, in this method the 


output voltage has a stepwise character, but within each linear subdivision j the magnitude remains constant, 


A functional decoding generator operating on the basis of a piecewise-linear approximation must operate as 
a voltage divider, We can use the circuit of Fig. 2, which contains a linear decoding generator with constant out- 
put resistance LDG, and electronic commutator EC-j containing a number of segments equal to the number of 
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subdivisions used in the approximation, and a group of constant supplementary conductances Y,j, which can be 
connected to the output of the linear decoding generator by means of the switches Kj with the aid of the EC-j, 
depending upon the value of the input digital information, 


In order that the output voltage U,; remain unchanged at the time when the supplementary conductances Y¢j 
are switched into the circuit, each of the conductances must be connected to a reference source U,;, which is ob- 
tained from U, by means of a voltage divider composed of either parallel or series resistances, 


The different varieties of linear decoding generators differ from each other in the number and ratings of the 
capacitive reactances (capacitors) represented in Figs, 3a, 3b, and 3c. If the capacitive conductances of these 
linear decoding generators are chosen as shown in Fig. 3 by means of discrete double (paired) steps, then, for any 
input code consisting of two numbers Ny, which is placed into the commutator by means of switch Kj" from the 
discharge cells of the register containing the code number Nj, there is a proportional output voltage U,;: 


N Y 
W = oy 
= Y 


m 


Ux =U, 


where Y,,, is the maximum generator conductance, and Nr is the maximum value of the digital information, 


The output conductance of the generator, shown in Fig. 3, is independent of the location of the switch K;", 
and is given by 


Yout = Ym+ Yn=(2"—1) Yo+ Yn = const, 


where n is the number of register discharges, 
Changes in the input voltage of the linear decoding generator are proportional to the argument W, and are 
given by 


U,= WN,. 


3. The basic factors in the design calculations for the function generator built according to the scheme 
delineated in Fig, 2 are the functional characteristic of the generator Z = (x), the required decoding precision 
AZ, the source voltage Up, the output impedance ry, and the load resistance R,. 


The calculation was carried out as follows, 


a) For a given error AZ, we computed the piecewise-linear approximating function Z, determined the 
number of linear increments and their orienting coordinates Xj, Zj. 


b) Based upon the consideration of the minimum source load Uy, we chose the maximum generator con- 
ductance 


i 
» ame < Py . 
c) We determined the discrete value (AX),,jn of the argument X, for the number of divisions N,, and the 
argument range my: 


(dz/dz) max’ m> (AX)min ’ se | El 


™m 








(AX) min< 


such that N,, mustsatisfy the entire range of m,. 
d) We calculate the value of the argument based upon the scale 
x; 


m 


Nj 


. 
e) The codes for the Nj are written out, and a scheme for the electronic commutator EC-j, containing the 

simple logic cells “and® or “or®, is worked out, We can determine the abscissas Nj within the given error limits 

AZ, so that the number codes between Nj and Nj + would have a common group of discharge states, 
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Fig. 4. Circuit of active decoding Fig. 5. Block diagram of function- 
function generator, al coding generator, 


f) After the values of the abscissas Nj are more precisely determined, we can recalculate the ordinates Z; 
of the subdivision used in the approximation, 


g) For each subdivision, we calculate the increments of the abscissas 
A;N = N;— Ny. 


h) The Z scale is chosen on the basis of the given approximation subdivisions without taking into considera- 
tion the supplementary conductances Y.; and, therefore, it has a large angular coefficient 


z, Nu Yn 
mm, = Tr ¥(! -t y). 


0 





i) We then calculate the voltage at the nodal points of the approximation U,j and the increments AjU;: 
Z; i 
Uy= —, AjU, = Uy; —U 55-1. 
z 


j) We determine the supplementary conductances which must be added to the output of the linear decoding 
generator when we obtain the input value N of the (Nj, ,)st input to form the voltage divider for each subdivision 


U, A,N Y, 


k) We determine the reference voltages U,j, to which the supplementary conductance Y,j must be added; 
there are two possible ways of calculating the reference voltages, 


If the supplementary conductances Y,; occur in the circuit of the functional decoding generator, and the 
conductances of the preceding portions Y.j. 4 are not used, then U,j = U3j. If the supplementary conductances Yj 


are formed by connecting the conductances Y3j to the conductance 3 Y’j, then the reference voltages U 

are computed according to the formula : 
U i Lt ee 

alk a [U5 (Ym + Ysj + Yn) —UVoy~Y > Ui Ysil, 


i=1 


where 


Ys; = Ys — Ys. 


1) The threshold circuit is computed in order to establish the voltages U,;. 


4, If the functional decoding generator must operate under a low resistance or alternating load, then its 
Circuit is calculated by means of the active principle (Fig. 4) [4]. 








An active functional decoding generator contains an operational amplifier OY, whose input circuit consists 
of a digital conductance Y,, which changes proportionately to the digital information N,, and shunts the constant 
supple mentary conductances Y;j. 


The supplementary conductances Y,; are connected to the input circuit OY with the aid of the electronic 
commutator EC-j, the number of the approximation subdivisions being switched in at the time when the input is 
equal to Nx is equal to the values of the abscissas of the Ny; subdivisions, 


The feedback circuit for OY consists of the constant conductance Y, and the supplementary shunting con- 
ductance Y,;, which is likewise switched into the circuit by the electronic commutator EC-j when the input reaches 
the value Nxj. 


If Ym, the maximum digital conductance, is proportional to the maximum input digital information Nym, 
then the incremental conductance AY, of the amplifier input circuit is equal to Y,,/ Nx per unit digit, and the 
corresponding incremental increase in the output voltage | AU,| An =, is given as: 

Y { 
[AU s]an—= U, "= 


Nem Yor Yq’ (5) 


This increase in the output voltage of the active functional decoding generator circuit must be equal to the 
unit incremental voltage | AU, |pq shown on the graph of the piecewise dinear approximation of the given func- 
tion U, =F (N,): 











Og inci%exishMles 
[AU s}ha= aN me AY, (6) 
Equating (5) and (6), we get 
U 
Yot+ Yo; = A; Y a, (7) 
0 0) 74x AU,; 


The initial ordinate U,j of the jth linear subdivision, as determined from the approximation curve, is ob- 
tained in the circuit of Fig. 4 by simultaneously switching in the supplementary conductances Y,j and Y,j to the 
corresponding amplifier circuits, In this process, the relation 


Y.;+ Ys) 

» Noses Bet. Bs (8) 
U,; =U, Y,4¥q 
must be satisfied, 


From Eqs, (7) and (8) we can determine the values of the supplementary conductances Y,j and Y,j, which 
will give the piecewise-linear approximation of the given function of the digital argument U, = F (Nx). In this 
process, the amplifier output voltage will vary within the limits of the jth subdivision of the linear approximation 
according to the equation 


Y, + Ysj 
One of the features of the active decoding function generator is the absence of a special voltage divider 
circuit for the provision of reference voltages, : 


We can also obtain nonmonotonic functions either by using a more complex circuit for the generator by in- 
troducing additional operational amplifiers, or by using an operational amplifier with a differential input cascade, 
as in the diode function generators used in modulators [7]. 


5. Coding function generators realizing the dependence (4) can be built using open or closed loop systems, 


In the first case, we obtain functional coding by the use in the coding generator of special masks, together 
with an electron-beam tube [8]. However, the disadvantages associated with this method (the complexity of the 
setup and the presence of errors or uncertainties) limits their use in automatic regulation and control systems, 


The block diagram of a closed-loop functional coding generator is shown in Fig. 5 [1,8]; it represents an 
elgctronic pulsed follower system, which includes in its feedback loop the functional decoding generator which 
we have previously examined, 
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The coded voltage Ujp is compared with the output voltage of the functional decoding generator U, 
within the FB block which computes the error, The error voltage AU = Ujn~ Uneg is amplified by the amplifier 
A in the feedback loop, 


The voltage Uy = KAU is fed into the cells CC-1 and CC-2 simultaneously; the cells, by means of a second 
input, are also connected to a pulse generator, such as a free-running multivibrator MV, Depending upon the sign 
of the error, one of these cells passes the multivibrator (MV) pulses to the reverse counter RC, and changes the 
mode of operation of the counter (“adds" or “subtracts"), 


The counter counts the multivibrator pulses until we reach the number Nz which establishes, at the output 
of the functional decoding generator, the voltage 


N 
Uneg = U.® lw | ’ 


which assures the balance of the expression 





N, 
Ui, —U.® E |=0. 


m 


It is obvious that since Uneg follows Ujp, the functional coding generator generates the function F (Ujp) if 
the decoding generator in the feedback loop has the characteristic 





ON 
F |® (xe )| == Uie: 
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DETERMINATION OF THE REQUIRED MEASURING FREQUENCY 
FOR DISCRETE CONTROL 


é. L,. Itskovich (Moscow) 


Translated from Avtomatika i Telemekhanika, Vol. 22, No, 2, pp, 216-223, February, 1961 
Original article submitted July 11, 1960 


We examine the method of calculating the required measuring frequency for the discrete control 
of technological objects, 


The required frequency is determined from the statistical characteristics of the value to be 
controlled, In the absence of the necessary initial data, the required frequency is determined by 
means of special experiments, As an example, the technique described is used to calculate the 
measuring frequency of some concrete values during discrete automatic and manual control, 


The expanding use of general control systems, measuring devices with digital outputs, and devices which 
test and analyze objects by means of tests which are made at discrete time intervals, present us with the problem 
of determining the proper frequency at which these measurements are to be made, 


The question of how to choose the requisite measuring frequency faces the investigator who is trying to con- 
duct an automatic study of the properties of a technological object. In this case, the first step usually consists of 


the study of a series of manual measurements of the physicochemical indices of the object during various operating 
conditions, 


An increase in the sampling (measuring) frequency of a discrete control system leads to increased complexity 
of construction of the system, while the use of manual controls leads to increased effort due to the work associated 
with the handling and analysis of test probes, A decrease in the measuring frequency can lead to a lack of results 
as far as the operation of the discrete control system is concerned, since it may be impossible to measure the 
changes in the controlled value with the necessary precision, 


In this paper, we examine the class of controlled values which are random stationary time functions. The 
values (properties) which belong to this class are characterized as technological objects which are subjected to 
continuous processes, Under the actual conditions of production, the technological objects are subject to irregu- 
larities (perturbations) which are random functions of time, This is the reason why all the indices characterizing 
the processes occurring in objects also have a random character, At the same time, in objects subject to continu- 
ous processes, involving changes in properties (or magnitudes) which are controlled by periodic examinations, the 
variations in these values consist of bounded oscillations about a mean value, i.e., these magnitudes have a steady- 
state or stationary value, 


The following factors must be taken into account in the control of continuous technological processes: 
1) the initial data available for the solution of the problem; 
2) the character of the approximation curve to be used in the discrete control of the process; 


3) the required precision in making the measurement; this depends upon the influence of changes in the 
magnitude of the measured values upon the controlled process, 


1. In the determination of the required measuring frequency we meet, in practice, two cases, The two 
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— cases depend upon the initial data, For the case where there is a transi- 
ut) | tion from continuous to discrete control, we use the values of the 














“Nie = >» changes in magnitude with time to determine the necessary initial 
y(t) data, In view of the fact that the magnitudes under consideration are 
random functions of time, the analysis of these values by means of 











the correlator and spectrograph permits us to determine their statistical 
characteristics: correlation function and spectral density, These char- 









































acteristics contain the initial data required for the computation of the 
necessary measurement frequency. In the case of the development of 
Fig. 1 a discrete control system or a manual method of measuring magnitudes 
for which we do not have values that were obtained during continuous 
automatic control, initial data regarding the indices of the magnitudes (values) being measured are absent. In 
this case, the requisite measuring frequency must be determined as a result of trial experiments, 


td 
ts 6 Ch, Ge 


2, In the practically applied discrete control of technological processes, the approximation curve x(t) of the 
function of time y(t), which is being measured, has a stepwise character (Fig. 1), In this case, at any given time 
we judge the value of the function by the value it had during the last sampling. The value of the magnitude y(t"), 
which we are measuring at any given time t", which lies within the interval tj = t* < \,,, is taken to be equal 
to the value measured at time tj, At the next measuring point tj, , the value of the magnitude x(t) changes dis- 
continuously by the amount Ax; = x (tj 4,)— x (tj), and remains at this value up to the point | ,2, at which time 
the next measurement is made, Therefore, the choice of the necessary measuring frequency must take into ac- 
count the errors arising in a stepwise approximation to the magnitude being measured, 


3. The requirements which must be satisfied during the measurement of the controlled magnitude of tech- 
nological objects can be divided into two groups, In the first group we place those magnitudes which may not 
even be allowed to deviate from the norm, even as a single momentary occurrence, Such deviation may lead in 
the aggregate to a trouble condition, For example, in the control of a coal-gas mill with predrying, the tempera- 
ture of the gases in the pipe behind the mill must be kept at a sufficiently high level, and yet must not exceed a 
fixed value to prevent explosion of the coal-gas mixture, During the control of such a property we cannot fail to 
note any change which occurs, even if it takes place extremely rarely, Therefore, we must choose the frequency 
of such changes in such a manner that we can satisfy the necessity of obtaining a precise determination of the 
value of this quantity at any time, 


The second group of properties, indices of technological processes, are those where a single (unit) transitory 
fluctuation does not affect the mode of operation of the object, In the control of such objects it is important to 
know not so much their momentary values, as their average values over a certain time interval, i,e., their tend- 
ency to change with time. For example, the dampness of the raw materials entering into a rotary cement baking 
oven influences the course of the process occurring in the stove; however, due to the mixture of large masses of 
material in the oven, only sufficiently protracted changes in the dampness of the raw materials have a significant 
effect. For this group of properties the measuring frequency must be chosen according to an averaged (for example, 
root-mean-square) value of the changes in magnitude with time, 


We show below methods for determining the necessary measuring frequency for the indicated groups. 


In the discrete control of the properties belonging to the first group, we set a maximum allowable value for 
the measured error obtained at any time, This value is determined on the basis of the technological requirements 
for the control and regulation of ‘his process, The maximum allowable error 6 consists of the maximum error in 
the discrete measurement 64, plus the maximum approximation error 5, in the interval between the measurements, 
i,e., 


Taking into account the stepwise character of the approximation curve x(t), we can determine the error in 
the approximation as the error involved in interpolation according to Lagrange's formula, The degree n of the 
polynomial used in the interpolation is smaller by 1 than the number of points involved in the interpolation and, 
in this case, it is equal to zero, Practically,in such an approximation, we are extrapolating from one measuring 
point tj to the next measuring point tj , 4: 
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a(t')=2(ti) for ttQt Clits (2) 
According to Lagrange's formula, the error in the approximation for n = 0 is given by the equation 


y(t) —az(t) = y' (t’) (¢—4), (3) 


where t* is the value of the argument in the interval t, tot,,,. The maximum error in the approximation occurs 
for the maximum value of the derivative of the desired function and for a maximum possible time difference 
which occurs at the point preceding the next measuring point tj + ;. 


Thus, 
da = | ymax(t)| hi, (4) 


where hy = 4 ,— tj is the time interval between measurements, 


Using Eq. (1) and the relationship connecting the measuring frequency (Ny) with the time interval between 
the measurements, we get: 


| Yan (¢) 
a li 5 
The maximum value of the derivative of the random stationary function y(t) can be found from C, N. 
Bernstein*s inequality [1], which holds for functions which are bounded according to a model, and have a spectral 
density with a finite cutoff frequency: 


|yimax(t)|<a@%| ymax (t)| (= 0,1.2,...). (6) 


Here ymax (t) is the maximum value of the function y(t), y$k) (t) is the maximum value of the kth deriva- 
tive of the function y(t), and w. = 2nf, is the cutoff frequency of the spectral density of the function y(t), 


The functions which are being investigated in this paper practically always have a bounded frequency spec- 
trum, inasmuch as their values are characterized by technological processes, and the measuring frequency is 
bounded by the inertia of the objects being studied, Assuming, without loss of generality, that the probability 
function y(t) is centered (i.e., its mathematical probability is equal to zero), and substituting (6) at k = 1 into (5), 
we obtain the inequality 


Ni< opm (7) 


Inequality (7) permits us to estimate the necessary measuring frequency for magnitudes (values) in the first 
group for a prescribed maximum error in measurement, the cutoff frequency of the spectral density for the desired 
function, and the maximum possible deviation of the desired function from its mean value, 





For example, the necessary measurement frequency for a maximum relative error in the approximation 
b—dbq 
= Y max (| 


can be obtained as a function of the cutoff frequency* by means of the following inequality: 


Ss = 0,1 


Ni = 60 f.. 


*In order that we may obtain an approximation for the measured function at the close of the experiment, for the 
case where the values of the measurements taken at the various discrete times are known, we usually use the linear 
approximation; in this case the neighboring measurement points are connected by straight lines, V. N. Khlinstru- 
nova [2] shows that, in this case, the necessary discrete measuring frequency is determined from the following ex- 


pression: 
af: | ¥Ymax (4) | 
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Expression (7) can be used to evaluate the necessary measurement frequency only for preliminary continu- 
ous control of the desired value, For the majority of the controlled magnitudes in the first group, where a basic 
change can lead to a trouble situation, these magnitudes are subject in practice to continuous control, In the case 
where initial data are not available regarding the controlled magnitude, in order to choose the trial measuring 
frequency, we substitute the directed values of the cutoff frequency for the object in the formula (7), and the 
formula gives us the value of the magnitude and the half-value of the expected maximum variation of this value, 
The chosen trial frequency must, in any case, be greater than the required one, inasmuch as we take for the param- 
eters We and |y,,,x(t)| their maximum possible values, After the choice of the trial frequency, we make meas- 
urements using the frequency in order to determine the true initial data, The lengthiness of the experiment is due 
to the necessity of obtaining sufficiently accurate reflections of the changes in magnitude with time, 


As far as discrete control of a magnitude or a property is concerned, for properties belonging to the second 
group, we may make use of less rigorous estimates of the changes in the value of the property with time, namely, 
instead of using the maximum allowed error at a given time, we may use the root-mean-square error, 


Let us assume that, on the basis of the technological requirements for regulation and control of a process, 
the root-mean-square error of the measurements obtained is o; this consists of the root-mean-square errors in- 
volved in the approximation and the actual measurement, For a given approximation, the maximum value of the 
root-mean-square error will occur at a time hy after each measurement (hy is the time between successive meas- 
urements, and equals the root-mean-square deviation of the measured magnitude during the time hyy: 





6=VM {ly(¢+ hn)—y()}*}, (8) 
where M is the mathematical expectation, 


Inasmuch as the value of y(t) is determined by the measuring device, formula (8) takes into account not 
only the changes in the magnitude of the value being measured, but also the errors made by the measuring device, 


Substituting inequality (6) for k = 2, into the above expression, we get 


®  / 1¥max() | 7 
MSZ Y/Y Toby: ne: 

Formula (b) gives us an estimate of the necessary measuring frequency where a linear approximation is to 
be used, The value obtained for the necessary measuring frequency using a linear approximation is much lower 
than that obtained with a stepwise approximation, Thus, for €, = 0.1, Nyy = 7 fe, ise., the necessary measuring 
frequency is now decreased 10 times, 
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Removing the brackets, and taking account of the fact that 


R,0)=MiyO=Miy(t¢+hn)), Rylan) = Miy() y(t+hwl, 
where Ry(r) denotes the value of the correlation function for the process y(t) at the point T , we get 





o = VY 2[(R, (0) —R,y (hi), 
therefore, 


2 
Ry, (hu) = Ry (0) — +. “ 


Given the allowed value of o, and computing the value of the correlation function from the available con- 
tinuous data for the magnitude being measured, we get the value of Ry(hyz) from formula (9), Making use of the 
curve for the correlation function, we find the value of the 


5 abscissa hyy from the ordinate of the curve Ry(hyy). ‘The 
q necessary measuring frequency can then be determined from 
Fee the formula 
4 1 
Ny = e 
hy (10) 


However, we can rarely use formulas (9) and (10), 
inasmuch as the magnitudes, which belong to the second 
group, are, in the majority of cases, qualitative indices, 





hy Zig = Shy Shy Shy and usually are not under the preliminary continuous auto- 
matic control which is necessary for the determination of 
Fig. 2. the correlation function of the magnitude (value) which is 


being measured, In the absence of initial data regarding 
the controlled value we should, in order to calculate the necessary measuring frequency, perform an experiment 
which consists of from 20-30 measurements with an arbitrary time interval between the measurements, hg. The 
data obtained as a result of this experiment are written down in a table, and then the indicated operations are per- 
formed upon them, 


In the table, Aj (j - ,) = X4— X{-k 


n 
> Aaw—x 
o i==k 


Suc n—(k—1) 





(11) 


where i is used to designate the row number, and k the column number of the table, 


We have now determined the root-mean-square deviations of the magnitude for the case where the time 
interval is hg. In order to determine the necessary measuring frequency, we now plot the values of o* = f(hg) on 
a graph, and draw a smooth curve through them, In Fig, 2 we show several possible curves which we might obtain 
as a result of calculations based upon our experimental results, 


The point o® at t = 0 on all the curves corresponds to the root-mean-square error of the measuring device, 
determined in the usual manner. The remaining points are obtained from the data in the table. 


Curve 1 corresponds to the case where the interval hg, choscn arbitrarily, was considerably smaller than the 
total drop of the correlation function, There is a significant connection between consecutive (neighboring) meas- 
urements, and the root-mean-square deviation is constantly increasing from the value of the root-mean-square 
error in the measurement (at t = 0) to the constant (steady) value (at t = 97), Fort = 9%, there is no connection 
between ne.ghboring measurements and, therefore, over this portion of the curve, the root-mean-square deviation 
has a constant value. 


f It follows that the value 97 also evaluates the time required for the complete descent of the correlation function 
of the given magnitude, 
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Rwic, grams/liter For any possible given o lying between of and o4,, the evalu- 















































25007 ation of the time interval between neighboring measurements h® or 
. the evaluation of the necessary measuring frequency N},, is made 
~ Sa using Curve 1, 
\ If necessary, the frequency thus obtained can be made more 
1509 1% accurate by making further measurements at the computed frequency 
\ Nyj- In order to do this, after making 20-30 measurements one should 
000 { verify the root-mean-square error which we have obtained [formula 
+4 (11) for k = 1) and,if there is a significant difference between the 
\ permissible and obtained errors, the measuring frequency should be 
500 changed accordingly. 
\ Curve 2 occurs when the extent of the changes in magnitude is 
0 oa me Tin equal to, or less than, the error of the measuring device (or method), 
In this case, we Cannot use the chosen device or method to measure 
J the magnitude in question. 

Fig. 3. Finally, we obtain Curve 3 where the arbitrarily chosen interval 
hg exceeds the time required for a complete drop in the correlation 
function. Besides this, all the points except of lie on a horizontal 

G % line, In order to obtain the necessary measuring frequency in this case, 
10 one should drastically decrease the time interval and repeat the ini- 


am i tial experiment again. 
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he Ho 
teed o 4 | | We now give examples of the application of this method to the 
gs}! J . determination of the measuring frequency of two qualitative indices 
\~* of a revolving cement heating oven, 
or Wo eee _ 1, The measurement of the basic qualitative index of the opera- 
Be : | tion of the oven— the weight of a liter of clinkers — is made by a 
0 234 #6 8&8 Wthours discrete measuring device. The choice of the necessary operating 


cycle of the device was based upon the known correlation function 
for the weight of a liter of clinkers, This function is shown in Fig, 3, 
The allowed root-mean-square (standard) deviation was o = 30 grams 
perliter,the error in the measuring device was 10 grams per liter, 


Using formula (9), we find the value of R¥,, .(hh 


Fig. 4. 


o 30)" 
Rete (ir) = 2500 — 5) = 2050 gi 


we find the abscissa corresponding to the ordinate which we have just determined from the curve of the correla- 
tion function, 


hyy=7 min, 
This value determines the necessary role of operation of the device, 


2. Measurements of the most important perturbing factor ~ the dampness of the raw materials entering the 
oven — were carried out manuaily by laboratory drying in a definite setup. The root-mean-square (standard) de- 
viation for this method of measurement was 0.3%, The allowed root-mean-square (standard deviation) error in 
determining the dampness of the raw materials at any given time must, according to the technological chart, be 
not more than 0.5%, On the basis of 30 measurements of the dampness w , taken with an arbitrarily chosen time 
interval between measurements of 90 minutes, we constructed a table, made the required calculations, and plotted 
the graph of the changes o % versus time (Fig. 4), We then obtained the value of the necessary time interval be~ 
tween measurements, by = 3 hours, directly from the graph, 








SUMMARY 


1, The values to be measured may be divided into two groups, This division is based upon the accuracy 
with which these measurements must be made, For values in the first group, the error in the measurement at any 
time cannot exceed a set maximum error, For values in the second group, there is a value of root-mean-square 
error set for the measurement, 


2. For the case of discrete control of values in the first group, the necessary measuring frequency is deter- 
mined: a) in the case where there is a definite cutoff frequency for the density of the controlled value, by means 
of formula (7); b) in the absence of initial data by means of special trial experiments which enable us to obtain 
a sufficiently accurate picture of the changes in the controlled magnitude with time, 


3. For the case of discrete control of values in the second group, the necessary measuring frequency is de- 
termined; a) where there is a definite correlation function for the controlled value, from formulas (9) and (10); 
b) in the case where there are no initial data, by a special analysis of a series of controlled values obtained by 
trial measurements made at an arbitrary time interval (see table), 
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SELF-SATURATING MAGNETIC AMPLIFIER 
WITH A VOLTAGE DOUBLING CIRCUIT* 


R. A. Lipman and A, I. Moskalev (Moscow) 


Translated from Avtomatika i Telemekhanika, Vol, 22, No, 2, pp, 224-230, February, 1961 
Original article submitted June 18, 1960 


In this article we study the operation of a self-saturating dc magnetic amplifier (MA) with a voltage 
doubling circuit, The use of this MA permits a considerable increase in the output voltage, coeffi- 
cient of amplification, and the range of the dynamic input-output characteristics of the amplifier, 


An analysis of the steady-state operation of the circuit for the case of forced saturation is given, 


The circuit of a de self-saturating magnetic amplifier (MA) usually contains either a differential transformer 
rectifier or a bridge rectifier, In order to smooth out the output voltage, a capacitive shunt is often placed across 
the load resistance (Fig, 1a), Playing the role of a filter, the use of the shunt capacitor rectifies the amplitude, 
and this results in an increase in the output voltage of the amplifier, There is a corresponding increase in the co- 
efficient of voltage amplification, However, we increase the output voltage and the voltage coefficient of ampli- 
fication twice more if we place a doubling rectifier in the amplifier circuit. In order to do this, we replace the 
rectifiers V; and V, (Fig, 1a) by capacitors C, and C, (Fig. 1b). 



































Fig. 1. Self-saturating dc magnetic amplifier: a) using a bridge rectifier; 
b) using a voltage doubler rectifier. 


For low-power amplifiers which are not used over their entire operating range during warmup (for example, 
"operational" amplifiers), this increase in the output voltage (power) does not require an increase in the trans- 
former parameters, The transition from the circuit of Fig. 1a to the circuit of Fig. 1b permits us to substantially 
increase the coefficient of amplification and the level of output voltage of the MA, while keeping the same di- 
mensions, transformer parameters, and a constant input voltage, 


In spite of its indicated advantages, the MA circuit of Fig. 1b has not been described in the literature; not 
in any of the well-known monographs devoted to MA, The authors knows of only one paper [1] in which the 


* Paper presented at the Seminar on Contactless Magnetic Elements at the IAT, AN SSSR, April 27, 1960, 





P circuit of Fig, 1b has been mentioned, However, this paper 
does not even contain a qualitative analysis of the circuit, The 
absence of such an analysis hinders the introduction and practi- 


4 cal use of this amplifier, 
i al 2% wt 








We present below a theoretical analysis of the operation 
of the circuit of Fig. 1b for forced saturation, 


For the circuit of Fig. 1a (neglecting the filter capacity) 
there is a very simple connection between the mean value of 
the load voltage U, and the total change in the core inductance, 
due to the control signal ABy. 
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The dependence of nt aa the control current for forced 
saturation is determined by the core demagnetization curve which 
can be easily determined experimentally (2): 





AB, =AB,(H;), Hy= ——. (2) 

Fig. 2. , 

In the following, E is the mean value of the source emf, 

f is the frequency, wp and wy are the number of turns in the working and control windings, respectively, S. and 

1 are the cross section and length of the mean line of force of the magnetic circuit of the choke, H, is the in- 

tensity of the control field, ly is the control current, Ry is the load resistance, rp is the sum of the active resist- 

ances of the working winding, the forward resistance of the diodes, and the internal resistance of the source, the 
so-called amplifier output resistance, 





Equations (1) and (2) determine the input-output characteristics of the amplifier whose circuit is shown in 
Fig. 1a for forced saturation, If we permit some error, they may also be used for the case of self-saturation, How- 
ever, for the amplifier which uses a doubler circuit (Fig. 1b), Eq. (1) is incorrect. The dependence of the output 
voltage upon the total change in inductance 


Uy, = U, (ABy) (3) 


for the circuit of Fig, 1 is more complex, Before stating the results of the indicated dependence, let us examine 
the operation of the circuit for forced saturation. 


Linear diagrams showing the changes of the variables in the circuit of Fig. 1b for an input-voltage period 
are shown in Fig, 2. In the time interval from ® = wt = 0 to@,, the voltage across capacitor C, exceeds the emf 
of the source, The diode B, is nonconducting, and the voltage across the working winding of transformer T, is 
equal to zero and, therefore, the induced voltage in the core does not change. When ® =6,, and 


e = e(0,) = ue,, (4) 


the diode V, conducts, and voltage across the transformer is equal to the difference between the emf of the source 
and the voltage across the capacitor C,. The rate of change of the inductance in the core T, will be equal to 


dB » 
Ti = & — Ue, — ip, rp He — uc, (5) 





Wp Se 


(we can neglect the voltage drop across the resistance r,, due to the magnetizing current when the core is not 
saturated), As a result, the inductance will increase, and the change in the magnetic state of the core will follow 
the ascending branch of the frequency cycle (Fig. 2). 


At time @ =6,, the core T, becomes saturated, and the inductive component of the voltage drop across 
the working winding falls to nearly zero, and the capacitor C, is therefore connected to the voltage source e 
which has a small active resistance rp. As a result, there is a rapid precharge of the capacitor C, to a voltage of 
approximately e (0,); this is accompanied by a pulse of charging current within the contour of the working winding. 
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At the end of the precharge @ = 6, + A@ .), when the value 
of the current in the working winding T, becomes sufficiently 
small, the core is no longer saturated, and the inductance V, 
starts to decrease due to the action of the controlling field, The 
diode V, remains in the conducting state, Therefore, the rate of 
change of inductance is again determined by Eq. (5), The 
changes in the magnetic state of the core follow the descending 
branch of the frequency cycle, and this determines the law of 
change of the coil field intensity, 
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- For 9 =6@,, when the core-field intensity becomes equal 


























60\-- to the intensity of the controlling field 
# ve TAT | H, (0,) = Hy, (6) 
ad 7 ee the current in the working winding becomes zero, The diode V, 
~\_A--44— Z | Bt an becomes open-circuited, and the demagnetization of the core 
aby ye T, ceases (dB,/dt = 0), In actual cases we also note a decrease 
48m 94805 sa? in the induction after the diode V, becomes nonconducting; this 


is due to the eddy currents and magnetic viscosity, 
Fig. 3, The relative change in amplifier 


The character of the changes in the rate of change of in- 
tput volt lid line) and angle of 
Pin soa nab wt er os duction in this case are shown by the broken line in Fig. 2 [2]. 
tions of the relative change in inductance: In all cases, the area of the negative half-wave of the curve 
1) for the circuit of Fig, 1a; 2) for the cir- giving the rate of change of inductance remains equal to the 
cuit of Fig, 1b area of the positive half-wave, Therefore, open-circuiting of 
> 1b the diode V, takes place somewhat sooner when eddy currents 
are present. 


We wish to determine the function Uy = Uy (ABy) under the following conditions, 
1, The input emf is sinusoidal: 
e= E,,sin9, = wl. (7) 


2. The time constant of the capacitive discharge C, = C, = C is significantly greater than the period of the 
source voltage, 


RyC>s (8) 


We can consider that the voltage across the capacitors C, and C, and, therefore, the load voltage over a 
period of the source frequency, remains practically constant: 


Up, = Up =U, = const, U, = 2U, = const. (9) 


3, The time constant of the capacitive charge, for capacitors C, and C,, where the choke is saturated, is 
much less than the period of the input voltage 


mo< + (10) 
The duration of the charge is given by 40, (Fig. 2), during this interval the core remains saturated; also it is 
small when compared with the period and, therefore, we can assume (approximately) that the capacitor is charged 
up to a voltage 
Uc = Uo =U, = Emsing,. (11) 
It follows from (4), (7), (9), and (11) that 
6, = t— 6,. (12) 
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Then, according to (5) and (9), the total 
charge in the core inductance is given by 


\ (e—uc)d9. (a3) 


n—O, 


1 
AB, = ows, 
Integrating (13), and taking account of (7) 
and (11), we get 











AB 
vm = —cos6, — (8, —_ >) sin®,, (14) 
Fig. 4. Oscillograms of the changes in the variables for m 
the circuit of Fig. 1b: e—supply voltage; dB/dt — rate of where 
change of inductance (voltage across the measuring wind- on 
ing of the choke); ip;— current in the working winding. ABy, = 2B = = ‘ : (15) 
p’c 
The load voltage according to (9) and (11) is equal to 
U, 
z- = 2sin@,. (16) 


Expressions (14) and (16) determine the desired expression for the load voltage as a function of the change 
of inductance in the core, In Fig. 3, we have plotted the functions 8 , = 0, ) and Uy, = UL (ABy). These fune- 
tions have been calculated according to formulas (14) and (16); for purposes of comparison, we have also plotted 
the corresponding curves for Fig. 1a (which does not contain a filter capacitance), 


We wish to note that, in the circuit which we are studying, the angle of saturation changes from 0, = 17 
(no-load operation of the amplifier) to , = 1 /2 (maximum possible transmission), while, in the usual circuits 
(for example Fig. 1a, C ,, = 0), the angle of saturation varies from 7 to 0, 


The curve Uy = Uz (ABy) shown in Fig. 3, together with the core demagnetization curve ABy = ABy (Hy) de- 
termines the amplifier input-output characteristics: Uj, = U, (Hy), Hy = Iywy/ le. 


We will determine the differential coefficient of amplification of the amplifier as the ratio of the increase 
in load voltage to the increase in control current 


Sect” 17 
k= aI, (17) 
Using Eqs, (2) and (14)-(16), we get 
ww,S 
k = mopy ee ; (18) 
where 
dAB 
by = air (19) 


is the differential slope of the demagnetization curve, 


au; / 2E,, 4 


TO Siento So (20) 
m= 9BB,/BBy, 9 
a 


is the differential slope of the curve Uy, /2Eq, = f (ABy/ ABm), shown in Fig. 3; m increases monotonically with 
an increase in output voltage, For the no-load case (8,=2) m = 2 =0.637; for maximum transmission 
(0,-> 5) m—+ oo, For the intermediate portion of the input-output characteristics, m * 0.8. 
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Fig. 5. Load voltage as a function of the mag- 
netic field intensity for the circuit of Fig. 1a 
(Curve 1) and Fig, 1b (Curve 2), 


Equation (18) also holds for the circuit of Fig, 1a 
(for C » = 0); however, here, m is constant; according to (1), 
m=1/s 0,32, Thus, the circuit of Fig. 1b provides an 
increase in the differential coefficient of amplification over 
the intermediate (central portion) of the input-output char- 
acteristics, which is 2,5 times greater than that for the cir- 
cuit of Fig. la, The maximum value of the inverse voltage 
across the diodes of Fig. 1b, as in the circuit of Fig. 1a, is 
equal to the load voltage, 


In Fig. 4 we show the oscillograms of the input volt- 
age, the voltage across the measuring winding of the choke, 
and the current in the working winding taken for the circuit 
of Fig. 1b for the case of forced saturation (the circuit 
parameters are: core OL-35/ 40-7-0,05-79 HM, Wp = 1000, 
Em = 8072 volts, f = 2400 cycles, Ry = 2 kiloohms, C = 1f), 
The oscillograms show good qualitative agreement with the 
theoretical curves of Fig, 2. 


In Fig. 5 we plot the output voltage as a function of 
the control field for circuits 1a and 1b for the choke param- 
eters, input voltage, and load resistance given above, 


It follows from Fig. 5 that the transition from the cir- 
cuit of Fig, 1a (without the filter capacity) to the circuit of 
Fig. 1b for the same choke parameters and input voltage 
leads to an increase in the output voltage level and the slope 
of the linear portion of the input-output parameters of 2,6 times, 
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Fig, 6, a) External characteristics of the amplifier for H, = 0, b) Load power as 
a function of load current for Hy = 0: 1) for the circuit of Fig. 1a; 2) for the cir- 


cuit of Fig. 1b. 


The characteristics of the circuit of Fig. 1b also have a significantly greater working range, due to the in- 
crease in the maximum output voltage and to the somewhat decreased no-load voltage, The latter is due to the 
fact that, in the presence of the capacitor (Fig. 1b),the equivalent load resistance to the no-load current is less 
than for the case of a purely active load (pure reactance), 
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In Figs, 6a and 6b we plot the load voltage and power as a function of the load current for a constant con- 
trol signal for the circuits of Figs, 1a and 1b for the above-indicated parameters, It follows from the curves that 
the transition to the doubler circuit permits a basic increase in the maximum output power obtained from the 
choke, even though it leads to an increase in the equivalent output resistance of the amplifier, 


During the transition from the circuit of Fig. 1a to the circuit of Fig. 1b, diodes V; and V,, and the filter 
capacity C,, are replaced by capacitors C, and C,, Thus, the total number of components does not increase, 
Capacitors C, and C, may be electrolytic capacitors, since their value is not critical [it is only necessary that we 
satisfy condition (8)). 


Experimental investigation of the dynamics has shown that, in the case where the control winding has a large 
time constant (as compared to the period), i.e., for an amplifier with a large coefficient of amplification, the 
transition to a doubler circuit leads to practically no increase in the amplifier inertia, 


SUMMARY 


Building a MA which has a voltage doubler in the output circuit permits us to increase (by 2.5 times) the 
slope and working range of the amplifier input-output characteristics for the same choke parameters and input 
voltage, 


The circuit also permits us to obtain a load voltage which is larger than the network voltage without the 
transformer, 


The disadvantages of the circuit consist of its increased sensitivity to the form of the input voltage and the 
magnitude of the input resistance of the source voltage. In order to take complete advantage of the positive prop- 
erties of the circuit with the voltage doubler, the internal resistance of the input must be sufficiently small, The 
application of input current pulses for a limited source power can lead to distortion of the input voltage and, in 
some cases, this is not permissible, 


One of the applications where the advantages of the circuit of Fig, 1b are made use of more completely is 
the “operational” magnetic amplifier. 


A special study is required in order to determine the possibility of using doubler-circuit magnetic “power” 
amplifiers where the "warm-up" (range) is limited, 
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In this paper, we examine the circuit of a high-efficiency reverse dc magnetic amplifier which 
uses switching transistors, We show that the amplifier may operate under inductive (complex) 
loading. 


The peculiarities of the combined usage of magnetic amplifiers and switching transistors 
in the circuit are analyzed, A simplified calculating technique and experimental data are given, 


We know that reverse dc magnetic amplifiers (MA) have a low coefficient of useful output (low efficiency) 
due to the effect of shunt diodes which are included in the load [1]. As a rule, the reverse MA operate with an in- 
ductive (complex) load (exciting windings of electrical generators, clutches, relays, etc,), Lately, several pro- 
posed de reverse output magnetic amplifier circuits have been proposed which have high efficiency, These cir- 
cuits contain switching transistors (SW) which permit us to subdivide the power circuits of nonreverse MA into cir- 
cuits with common loads [2-5], We can easily convince ourselves that the circuits which we have examined [3-5] 
cannot operate under inductive loading. Actually, for a definite angle of saturation of the MA cores, we get a 
constant conductivity, The transistor and load currents which are switched in for a given signal polarity flow un- 
interruptedly, The transistor base current is also continuous, and assures the operation of the transistor switch SW 
in the saturation region for all collector current changes, Therefore, for all instantaneous load currents ij,, the 
condition 


i, > = (1) 


must be satisfied where ip is the instantaneous base current and 8 is the coefficient of current amplification of the 
common emitter transistor, 


If condition (1) is not fulfilled, then the operating point of the transistor lies in the active or breakdown re- 
gion, and the coefficient of utilization and the efficiency of the transistor are sharply decreased, 


In the circuits described in [3], the transistor SW base circuits are fed from a sinusoidal voltage source through 
separate transformer windings; in the circuits described in [4,5], use is made of the output voltage of a magnetic 
amplifier and, therefore, the base currents in the transistor are not continuous, and operation with inductive loads 
is ineffective, 


The circuit proposed in [2] may be used with any type of loading, The reverse amplifier (Fig, 1) consists 
of two nonreverse feedback amplifiers MA1 and MA2, which are fed from separate secondary windings of the trans- 
former T,. The output of each MA is connected to the load through the emitter-collector of common emitter 
switching transistors T, and T,. The transistors are switched on in such a manner that, for separate MA operation, 
the output voltage has different polarities, The control winding of each amplifier is connected in series with the 
emitter-base junction of its transistor, The control circuits of the nonreverse amplifiers and switches are connected 
in parallel and lead to a common output for the push-pull amplifier, With the aid of the phase-shift winding, the 
operating points of the MA are shifted to the region of minimum load current, 
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n/\/\oY~ When a signal ey of the polarity indicated 
r in Fig. 1 is applied to the amplifier, then the con- 
w», ,D AV Wy, trol circuit of MA2 will be open-circuited due to 

cee the fact that the emitter-base junction of transistor 
MA1 kota Zz “St te MA2 T; is biased in the reverse direction (the switch is 

YY Ww open), and the output of the amplifier will be dis- 

connected from the T, power circuit, Thus, MA2 
does not participate in the operation of the circuit, 
Since the emitter-base junction of T, is biased in 
Cl et Be the forward direction, a current flows in the control 

winding of MA1 which regulates the angle of saturation 
Fig. 1. Circuit of a dc reverse magnetic amplifier with of the cores, andthe amplifier output is connected to 
switching transistors. the load through the emitter-collector junction of 
transistor T;. The load current and base current of 
transistor T, increase as the control current in- 
creases, and this results in saturation of the transistor, 
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When the polarity of signal ey is changed, 
frees MA1, T;, and MA2, T; interchange their mode of 
operation, 


Let us consider the peculiarities of the com- 
bined operation of a transistor and magnetic ampli- 
— | fier in such a circuit, 





1, Inasmuch as the transistor input circuit 
FT is nonlinear (see characteristic plotted in Fig, 2), 
it may substantially affect the input-output char- 
acteristics of the magnetic amplifier if the maxi- 
mum value of the input signal ey max is not large. 
e However, due to the presence of a no-load current 
Fig. . pati ane reap ey maar ta in the nonreverse magnetic amplifier, and the sig- 
i nificant increase in 8 for small collector currents, 
we can disregard the influence of the nonlinearity 
of the transistor input circuit for values of ey max * 2.5-3 volts, 

















2, The inclusion of the control winding in the transistor control-circuit affects the breakdown voltage of 
the SW. We know that an increase in the active-base resistance of a common emitter transistor significantly de- 
creases the breakdown voltage Upg. However, the presence of a reverse bias across the output of the transistor 
hinders the decrease of the Upg. In Fig. 3 we plot the breakdown voltage Upg as a function of the transistor base 
resistance for various values of reverse-base potential Up for the P4B transistor, We see from the graph that, for 
€y max © 3 volts, and a MA control- winding resistance of not more than 200 ohms, we can use a SW in circuits 
where the amplitude of the applied voltage is equal to the maximum possible transistor collector voltage. 


3. The presence of a no-load MA current forces the SW to operate in the active region for small values of 
the control signal, This determines the necessity for a manifold change in the output current of a nonreverse MA: 


I, 
ky = — >10— 15, (2) 
ee Pe 
In the latter formula, I; is the value of the load current for maximum output, and IL, min is the value of 
load current for minimum output, This ensures linearization of the amplifier characteristics in the vicinity of the 
null, 





4. The relatively small value of 6 for present-day transistors does not permit us to use magnetic amplifiers 
with large coefficients of current amplification, 


5. The operation of the magnetic amplifier control circuit is of the greatest interest to us, since it deter- 
mines the state of the transistor-base circuit, Let us examine Fig. 4, in which we plot the basic variables which 








Upa: volts characterize the operation of the nonreverse mag- 
netic amplifier: the circuit voltage U,,.; the volt- 
age applied to the load U,; the load current i;; 
the current (ac) in the windings of the MA, ip, and 
ipa: the diode currents, which constitute a shunting 
circuit, iq; and ig; and the control current iy (for 
easier reading of the graphs, the scale for the cur- 
rent iy has been considerably increased), 


a In [1] an analysis is made of the operation 
40 of a dc magnetic amplifier with an internal feed- 
back loop, An ideal hysteresis loop and zero re- 
sistance in the control circuit is assumed, 


For the power circuit, the results of this 
analysis will be exact for the case where thie con- 
trol circuit resistance is not equal to zero and the 
hysteresis loop has a finite slope in the saturation 
region, However, in the ideal case, the character 
of the changes in the control circuit differs signi- 
ficantly from those described in [1]. In the ideal 
magnetic amplifier, the current in the control winding flows only during the excitation period, and it is given by: 
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Fig. 3. 


Hl 
= —-9Y — const (<ot'<a), (3) 


ly = I. Wy 
where Hg is the coercive force, J ay is the mean length of the magnetic lines of force, and Wy is the number of 
turns in the control winding, During the saturation interval, @ = wt = 1, the current in the control winding is 


equal to zero, 


In the actual magnetic amplifier there is a continuous current flow, The working half-period of the core 
can be divided into two parts: the excitation interval 0 = wt = & and the saturation interval @= wt =, For the 
case of inductive loading, we must set aside, during the excitation period, a commutation interval 0 < wt<y, 
during which the load current is commutated from the working winding to the circuit of diodes D, and D,. 


As in the ideal case, a component of the current, iy, as determined by Eq, (3), 


iy, =I, (0<@t <a). (4) 
flows through the control winding of the MA. 


During the commutatian interval we add to this the component resulting from current changes in the work- 
ing winding of the saturated core due to the slope of the hysteresis loop in the saturation region, and from the in- 
teraction with the control winding 


‘ kL, di 
iy, = a —Ci(ié«wRO ESV), (5) 





where k, is the coefficient which takes into account the mutual inductance and the coefficient of transformation 
between the control and working windings, L, is the inductance of the working winding when the core is saturated, 
and ips is the current in the working winding of the saturated core, 


Since, in the actual amplifier, the control-circuit resistance is not equal to zero, the value of e, is also not 
equal to zero, and during the saturation interval a component of current which is proportional to the voltage 
flows through the control winding. 


In addition, the finite value of the inductive reactance of the working winding of the saturated core of the 
MA, and the presence of a magnetic connection with the control winding, result in a transformation of the even 
harmonics in the control circuit, As a result, the current in the control winding during the saturation interval is 
given by: 
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. 1 
lys = {i [ey + Kaus (wt)] (a < wt-< 2), (6) 


where k, is the coefficient that takes into account the ratio of the inductive react- 
ance of the working winding of the saturated core to the load resistance and the co- 
efficient of transformation between the control and working windings, and u,(wt) is 
the instantaneous value of the source voltage. The total current in the control wind- 


ing is given by 


“Sy Le SL) 


Se a5 222 


ly ° iy, + Lyo + Lys (7) 





where we take account of the period of time during which each current component 
flows. 


It is obvious that for a large load time, constant condition (1) will be, satis- 


U fied if 
ig l 
iy i,, = I> zr (8) 
— 
and 
Vice vee 7S 2. (9) 


B 


r 
y 
Vy For the case of operation with an active resistance, where we take the trans- 


formation of even harmonics into consideration, relation (1) will be satisfied for a 























Oyen in inlay MA with saturated cores if 
e I 

Fig. 4, rae Iy> 2 =: (9") 

WA: »: In the given circuit we cannot include a parallel load capacitance in order 

Z oP ony Z Ay to smooth out the current pulsations, Thus, the specification of the simultaneous 
< L 1 4 use of a MA and a SW for the circuit under consideration imposes three limitations 

Praepesa: j upon the projected nonreverse magnetic amplifier which have a significant effect 
upon the changes in the output current: relatively low input resistance, and limita- 

Fig. 5. tions of the coefficients of current and voltage amplification, 


The question of an increase in efficiency usually arises where significant 
load power is involved, In this case, the circuit as a rule consists of an output cascade with an intermediate ampli- 
fier; this permits us to easily overcome the above-indicated disadvantages associated with the choice of the output 
cascade, 


If the output cascade amplifiers have toroidal cores which have rectangular hysteresis loops, then we can 
make use of simple relations in our calculations, 


Assuming that we know the amplifier output power P,, and current I; (voltage Uy) for the maximum signal, 
then we will also know the magnetic flux density B, and the magnetizing force Hg, for the chosen magnetic ma- 
terial, We must determine the core dimensions (Fig. 5) and winding parameters of a single-cycle magnetic ampli- 
fier, When the magnetic circuits have the optimum toroidal geometry, the following relations must be satisfied [6]: 

h 2h 


D = = 0 
*= 7 =1,2—1,4, T= pie: (10) 


The losses in the magnetic amplifier power circuit amount to 10-20%, and depend upon the output voltage, 
amplifier power, and the supply frequency, Therefore, the voltage of the transformer secondary windings is equal 
to: 


U; =a (141,24, (11) 


where 7 is the coefficient of useful output of the nonreverse MA, 
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I; , amperes In magnetic amplifiers with feedback loops, 





























16 | 10-15% of the window area is filled with control 
4 4 and phase~shift windings, Then the window area 
ye 7 filled by the ac winding is given by: 
10 _ 9.952% _ 1p 
So~ = 0,85 = 2k A’ (12) 

08 

’ é / where A is the permissible current density, and 
a ks * 0.25 is the coefficient of utilization of the 
Q4 copper, 
oof The cross section area of the steel core is 

given by the relation 




















$343 ¢«7 «= OB. )o i Bosidb: 36 5 Uy, volts 











































































































ait —_— 
= _ 
£ a sa y, Sq = A) hy = EMH hh,,, 3) 
——-1— Qi; A where kg, is the coefficient of steel utilization, 
7 —-0) WY Q? 070, yolts In order to obtain sharper changes in the 
1 a Sa 12 load current of a single-cycle amplifier, the num- 
F ber of turns should be determined by means of the 
aa | “i, “O16 formula: 
-1§ = 4 
b U, = 4.44wp/B, Sy 10°. (14) 
Fig. 6, Experimental static characteristic of the reverse From (12}(14) we get 
MA, 
% Pi, - 10° (15) 
d=V 0,215 : 
V nkyk. ASB * 


Using the customary meaning of h for ribbon-type material, we can find the value of d which satisfies con- 
dition (10), We then find the number of turns in the ac winding from formula (12), and the magnetic circuit cross 
section for the given load current and desired value of A, Having determined the mean length of the magnetic 
line of force from the formula 


igy = ad t% , (16) 





we can find the number of turns in the control winding from (3), 


Having chosen the switching transistor on the basis of the requisite load current and voltage (the load current 
and voltage amplitudes), and having determined 8,we can find the value of the control winding resistance from 
(9), bearing in mind that ey max = 3 volts, Knowing the resistance of, and the number of turns in the control wind- 
ing, we can determine the wire diameter, We then verify the control winding design using the allowed current 
density, and determine the number of turns and the wire diameter of the phase~shift winding and verify the phase- 
shift between the windings. It is necessary that the switching transistor and the magnetic amplifier operate har- 
moniously, so that we obtain the desired coefficient of current amplification, In order to do this, the amplifier 
circuit is modified, a shunt resistance is added in the power circuit in parallel with the diodes, 


In order to decrease the dimensions of the supply transformer, we feed both magnetic amplifiers from a 
single secondary winding. 


We also verified the design in which the transistor and magnetic amplifier control circuits are connected in 
parallel, In this case, agreement between the MA and SW characteristics is not required, but the coefficient of 
amplification is decreased, and there is less linearity in the vicinity of the null, 
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A sample experimental amplifier constructed according to the circuit of Fig, 1 is characterized by the fol- 
lowing data: circuit voltage U, = 220 volts; secondary winding voltage U, = 40 volts; maximum output power 
P;, = 35 watts; efficiency, for maximum signal, 7 = 0.845 (neglecting transformer losses); and coefficient of power 
amplification over the linear portion k, = 300, 


The P4D transistors were used as SW, The MA toroidal cores were constructed of 50 NP material. The 
amplifier efficiency over the entire range of the saturation angle was determined entirely by the efficiency of 
the single-loop amplifier, There were practically no losses in the nonoperating portion of the circuit, The ex- 
perimental amplifier characteristic is given in Fig. 6, 


If we are considering the use of the amplifier in a particular circuit, we must not forget the slight non- 
linearity of the amplifier in the vicinity of the null, and the direct connection between the MA input and output. 
The load power is limited by the maximum parameters of the power transistors that are now available. 


Lately there is a tendency to provide an output cascade only for the switching transistors, However, for a 
de reverse output, a purely semiconductor amplifier is sufficiently complex, Therefore, it might be advisable, 
in a series of cases, to use the high efficiency magnetic amplifier described above. 
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odical literature may well be available in English translation. A complete list of the cover-to- 
cover English translations appears at the back of this issue. 














SECOND HARMONIC MAGNETIC MODULATOR WITH A 
QUADRATURE PHASE SHIFT SUPPLY CIRCUIT 





M,. A. Rakov and L. A, Sinitskii (Lvov) 


Translated from Avtomatika i Telemekhanika, Vol, 22, No. 2, pp. 238-242, February, 1961 
Original article submitted August 30, 1960 


We examine the possibility of supplying a second harmonic magnetic modulator from a supply 
circuit having a 90° phase shift, This eliminates the need for filters in the exciting circuit and 
the modulator control circuit, 


Of all de-ac inverters, the magnetic modulator with a second harmonic output (frequency doubler magnetic 
amplifier) must have the lowest sensitivity (it has the lowest sensitivity threshold) [1]. 


Changes in the supply voltage, temperature, or second harmonic core parameters do not result in the appear- 
ance of even harmonics in the absence of a signal. However, a second harmonic modulator has a series of defects , 
. the most sezious of which is the necessity of using a series of auxiliary elements in order to ensure the requisite 
sensitivity, which complicate the modulator circuit and lead to a worsening of some of the modulator character- 
istics, These elements are the filters which appear in all three modulator circuits — the control circuit, the excit- 
ing circuit, and the output circuit, Each filter performs a definite function in the modulator circuit, It is neces- 
sary to use a second harmonic cutout filter in the control winding in order to prevent short-circuiting of the second 
harmonic emf induced in the control winding by the low impedance of the signal source which, in the majority of 
cases, is of low ohmage, We must have a filter in the exciting circuit in order to remove the second harmonic 
emf which is always present in the supply emf, The use of frequency sensitive elements, such as filters, makes 
the modulator characteristics frequency-sensitive. The construction of the filters becomes extremely complex 
when the filter is fed from a supply which has a low-frequency stability; this is often the case in practice, 


Therefore, the logical question arises regarding the design of a second harmonic magnetic modulator for 
which there are no filters in the control and exciting circuits. It is obvious that, in such a modulator, even har- 
monics of the emf will not be induced in the control winding, and the presence of even harmonics in the supply 
emf will not lead to the appearance of a parasitic signal in the output circuit, We can accomplish all this by 
supplying the second harmonic from a quadrature circuit, 


If we feed each of the exciting windings of the modulator from a separate supply, and each supply voltage 
is shifted by 90° with respect to the voltage of the other supply, thus, by including half of the control winding, we 
can obtain mutual cancellation of the second harmonic emf in the signal circuit, However, this does not assure 
compensation for the odd harmonics of the emf in the control windings and the output, We can compensate for 
the odd harmonics by increasing to four the number of cores used, and by using separate winding halves, as shown 
in Fig. 1 [2,3], As we see from the figure, the control and output windings are connected, so that there is a buck- 
ing connection with respect to the first harmonic for each pair of cores; the second harmonic is only induced in 
the output winding, and is not shorted in the control circuit. 


Up to the present time, we have not been successful in obtaining reliable and sufficiently simple voltage 
supplies which provide a 90° phase shift between two voltages, and which are independent of frequency variations, 
This problem may be solved by using the principle of frequency division, We know that the most easily achieved 
phase shift between two electrical voltages is 180°, If we transform each of two 180° phase-shifted voltages by 
means of identical frequency dividers into half-frequency voltages, then there will be a 90° phase shift between 
the two resulting voltages, 
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Fig. 1. Mode of connection of Fig. 2, Magnetic frequency di- 
the windings of a second har- vider, w, = 500 turns, w, = 2000 
monic modulator which is fed turns, permalloy core 79HM, S= 
from a supply having a quadra- = 0,05 cm’, 

ture phase shift, 
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Fig. 4. Circuit for 90° phase shift 
modulator supply. w, = 500 turns, 

Wz = 1500 turns, wp = 500 turns, Wy = 
= 2500 turns, Woy = 1500 turns, core 
Fig. 3. Regions of stable divider 79 HM, S = 0,05 cm’, 

operation, 





We wish to note that, in the frequency division process, the phase of each of the new voltages is not unique- 
ly determined, In the case in which we are interested, the one where the frequency is cut in half, then, depend- 
ing upon the conditions involved in the frequency division process, it is possible to obtain two stable operating 
states in which one of the voltages is shifted by 180° with respect to the other [4], In the case of two voltages, 
there are four possible results of the process which can be reduced to two basic variations, in each of which the 
voltages which lead and lag by 90° change places, This generally undesirable property does not exist when a 
double frequency output magnetic modulator is used, since a change in phase of the exciting current by 180° does 
not affect the phase of the second harmonic voltage (as a result of the properties of the 180° phase shift during 
frequency doubling, the phase angle becomes 360°), 


Magnetic frequency dividers are among the simplest and most dependable frequency dividers [5,6]. We use 
as our magnetic modulator supply a magnetic frequency divider with a diode in the exciting winding (Fig. 2), 
which has the advantage that it does not require a separate dc source, The equations describing the frequency 
divider are of the form: 
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Ty = mS (SE), (2) 
=¢St4 aa (3) 

Hy — int + intty #: e i — ins ; (4) 
B= B(H). (5) 


In these equations, By, Byy and Hy, Hy are the values of magnetic flux density and field intensity in cores I 
and II, respectively; S is the area of transverse core cross section; U = U(i,) is the equation of the volt-ampere 
characteristic of the diode; 1 is the mean length of the magnetic lines of force in the core, and B = B(H) is the 
equation of the magnetization curve of the core material, 


In the following we will assume an ideal diode volt-ampere characteristic and an ideal magnetization curve 
for the core material, 


As a result of the nonlinearity of the functions U(i,) and B(H), it is extremely difficult to solve the system 
of Eqs. (1}(5), even with the assumed simplifications, Therefore, in order to establish the boundaries of the stable 
operating region of the frequency divider, and to choose the optimum mode of operation, a careful experimental 


determination was made of those regions for which there was stable and reproducible operation of the frequency 
divider, 


In order to present the experimental results in a generalized manner, the relations obtained are expressed 
in terms of dimensionless parameters which are obtained by putting Eqs. (1)}(5) in dimensionless form, 


Introducing the new variables 
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where B, is the magnetic flux msde it is not difficult to write the original system of equations in the form 
aby 


ses! + ag thi + U (i) = esin8d, (6) 
y= * _ coe . (7) 

i= mous et ye (8) 

ws + — kj), (9) 


where b(j) is the equation of the core magnetization curve in dimensionless coordinates, 


In the newly obtained system of Eqs, (6)-(10), we introduce two substitutions 
U 


SE 
 wySOB, ’ 
Rw, 
k= —-+ - m = oR, C. 
Ry wi 


With the assumptions which we have made regarding the ideal volt-ampere characteristic of the diode and 
the ideal magnetization curve for the core material, the dimensionless parameters €, k, and m completely deter- 
mine the operation of the frequency divider, 
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In Fig. 3 we plot the regions for which there is stable and reproducible operation of the frequency divider in 
terms of € and m, These regions correspond to varying values of k, Each region of stable operation is included 
between two boundaries, The left boundary is indicated by a thick, and the right by a thin line. These regions 


were obtained by a generalization based upon experimental study of the operation of the magnetic frequency 
divider, 


For the frequency divider under study, we easily obtain the relations 


Umax max _ 4 
Unin = ®min 

where Umax» Umin 424 Wax, “min COrrespond to the upper and lower voltage and frequency limits of the values 
for which the frequency divider operates stably, and its operation can be reproduced, 





The basic advantage of the frequency divider is the fact that the curve of its output voltage does not con- 


tain even harmonics, It is especially important to take note of the fact that this is independent of the shape of 
the voltage curve of the source of supply. 


Therefore, the use of the frequency divider in the input circuit permits us to substantially lower our require- 
ments regarding the shape of the input voltage curve, and to omit all filters from the input circuit, 


A magnetic modulator with a double frequency output and fed from an exciting circuit,which is a frequency 
divider, is transformed essentially to a modulator with an output at the fundamental frequency which, at the same 
time, preserves the basic advantages possessed by second harmonic modulators — high zero-level stability. In par- 
ticular, we are not longer faced with a series of difficulties in using this modulator in automatic control and regu- 
lation circuits where the output is fed to two-phase asynchronous motors, The application in such circuits of the 
usual second harmonic modulator would require the use of a special frequency doubler to feed the exciting wind- 
ing of the motor, 


As a result of the elimination of filters from the modulator control and excitation circuits, its characteristics 
become frequency independent over a wide frequency range, and this allows us to greatly lower the requirements 
placed upon the supply. 


When the customary supply circuit was used to feed the magnetic modulator,successful operation for varia- 
tions in frequency was obtained in the case where inductive filters were used, This led to either a large increase 
in the size of the entire setup, or to a decrease in the coefficient of amplification of the modulator, Actually, 
in order that there be no basic decrease in the coefficient of amplification of the modulator where there is an in- 
ductive filter in the signal circuit, it is necessary that the filter inductance be 2-3 times lower than the correspond- 
ing values for the modulator signal winding. In this case, the dimensions of the choke equal, or even exceed, 
those of the modulator. 


The facts outlined above give us the basis for coming to the conclusion that it is very desirable to use a 
double frequency modulator which is fed from two quadrature voltages in various applications and, in particular, 
in those cases where the frequency of the source of supply is subject to frequency variations and the shape of the 
input voltage differs significantly from that of a sine wave, 


The complete circuit of a modulator fed from a quadrature phase shift circuit is shown in Fig. 4, For the 
indicated winding and core data, the coefficient of voltage amplification of the modulator was 600, and the value 
of the deviation was zero over a wide temperature range (0 to 50°C), and for a variation of + 10% in the external 
voltage, and an input power of the order of 10°” watts, 


LITERATURE CITED 


1. M.A, Rozenblat, "The bases of construction of magnetic amplifiers with low-sensitivity thresholds,” 
Avtomatika i Telemekhanika 17, No, 1 (1956), 

2. M.A, Rozenblat, Magnetic Amplifiers [in Russian] (Soviet Radio, 1960), 

3. W, Kramer, Patent No, 931541 (1955), 

4, T.Khayasi, Forced Oscillations in Nonlinear Systems [Russian translation] (IL, 1957), 

5. L, A. Bessonov, Self-Oscillations in Iron Core Electrical Circuits [in Russian] (Gosenergoizdat, 1953), 

6. K,G, Mityushkin, "Magnetic frequency dividers," Collection: Works of the VNIE, Issue 7 [in Russian] 
(Gosenergoizdat, 1958). 

















THE USE OF MAGNETIC AMPLIFIERS FOR IMPEDANCE MEASUREMENTS 
BY MEANS OF MAGNETICALLY COUPLED CIRCUITS 


O. G. Malkina (Moscow) 


Translated from Avtomatika i Telemekhanika, Vol, 22, No, 2, pp. 243-249, February, 1961 
Original article submitted August 1, 1960 


This article briefly presents the advantages and the essence of a new method for measuring the im- 


pedance components (R and X), It is shown how the method of magnetically coupled circuits can 
be used for practical measurements, 


The method of magnetically coupled circuits [1] makes it possible independently to measure either of the 


impedance components (R or X), This simplifies laboratory measurements, and facilitates the design of automatic 
control devices for various industrial processes, 


In designing data transmitters for the regulation or automatic control of any industrial process, as well as 


for feeding automatic control signals to balancing components, it is often necessary that each control signal be 
a well-defined function of only one impedance component, 


There are two different basic procedures for the separate measurement of impedance components in using 
the bridge method, 


1, The first method consists in using circuits where the bridge diagonal voltages are decomposed into two 
components, and where two zero phase-detecting indicators (ZPDI) are used with subsequent signal amplification 
(the amplifiers are sometimes mounted ahead of ZPDI), 


2. The other method consists in using circuits where the control voltage is obtained by means of separate 
balancing indicators, Additional phase-shifting iterated networks are connected to the bridges, and two voltages, 
which are tapped off different points of the bridge circuits and the phase-shifting iterated networks, are fed to the 
indicators, Either amplitude-differential or phase-differential indicators are used as the indicating instruments, 
The output signals are amplified by means of amplifiers, 


Only magnetic amplifiers are necessary for such measurements if the method of magnetically coupled cir- 
cuits is used, which makes it possible to design vibration-resistant and shock-resistant measuring instruments, 


This measurement method provides the possibility of combining the measuring device with a contactless 
control device in a single unit, The method is suitable for measuring small resistances on higher frequencies, 


It is known from the literature [2] that the provision of automatic balancing in bridge circuits is difficult if 
they are fed from sources with higher frequencies, which is the reason why balancing components,necessary for 
this purpose, are still not available at the present time, In [2], it is indicated that the resistance moment value 
must satisfy special requirements in automatic bridge balancing — it is necessary that the rheochords have small 
and uniformly distributed resistance moments, The use of ordinary rheochords on higher frequencies involves dif- 
ficulties due to the parasitic reactances of rheochords, 


Ordinary rheochords can be used in automatic impedance measurements by means of the method of mag- 


netically coupled circuits, since the balancing, in this case, can be secured by changing the rheoch ed resistance 
in the de circuit, 
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This measurement method is based on changes in the current — in its amplitude, average, or acting value — 
which are caused by the connection of the impedance to be measured to the measuring circuit, 


In the measurement variants considered below, the difference between the rectified currents in two circuits 
is used; one of these circuits contains the resistance R (Fig. 1a), and the other circuit, besides this resistance R, al- 
so has the impedance AZ to be measured (Fig. 1b), 


The constant component of the difference between the two rectified currents is, in this case, equal to the 
difference between the average values of the alternating currents, i.e., it is proportional to the current-value vari- 
ation, 


The current-magnitude variation in measuring small impedances AZ for which 
AR<R, AX<R, (1) 
is proportional to the resistance AR, since 





|R + AZ| = V(R + AR)? + AX? =R+ AR 


LA |Uel 


AI = |1;|—\hl=—3—-— paar 


> , AR 
=|J;| Rr’ 





For measuring the current-magnitude changes due to the reactance AX (in using circuits with the same R 
and R + AZ resistances), negative magnetic coupling is introduced between the currents in the circuits, For this 
purpose, two identical windings are wound on a single magnetic circuit in such a manner that the circuit currents 
create an opposing magnetic-circuit magnetization, 


Circuits with such magnetically coupled windings are shown in Fig. 2, 


The windings with negative magnetic coupling are connected to the measuring circuits in AX measurements, 
as well as in AR measurements, In order to prevent current changes due to the reactance AX in measuring AR, an 
additional winding, which is shorted during AR measurements, is wound on the magnetic circuit, 


In the absence of the impedance to be measured (AZ = 0), and if no dispersion is present, the currents in 
such circuits will remain equal to 


I,=I,= —. (2) 


if the shorted winding is provided, as well as in the case where it is not, 


The connection of the small resistance to be measured will cause a small change in the circuit currents, 
which can be determined by simultaneously solving the following equations; 


U, = 1,2, —1,2u + 1sZus, U.= IZ, —1,Zy — 1Zsus, (3) 
0= 1,25 + I,Zu3 — 1.Zus. 

















Hence, for Z, = Z, + AZ, 
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If the additional winding is shorted (r, = 0) then, in the absence of dispersion, 
het SR+iOX _Voly 4 AR 4 pAZ]. 
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If the small resistances are to be measured, the difference between the absolute values of the currents, equal 


to 


AI =|f,|—|i,|~| 1,52, (5) 


will, for all practical purposes, depend only on the magnitude of pure resistance AR, 
If the additional winding is open, ie., if Z, = ry + jX3 = a, the current iL is equal to 








oe AR + jAX) _ ARR + AX2X - AXR—AR2X 
= hlt+ Spar |= hl + Sepa +i epee | 


If inequality (1) is satisfied, the terms containing AR and AX in the last expression will be much smaller 
than 1, and the current difference will be equal to 





» , ARR + AX2X 
AI =|/,)—|/,|~=|h\ Ts (6) 

The difference between current changes in the presence,and in the absence,of the shorted winding is used in 
measurements, 


In the presence of the shorted winding, the current change caused by the impedance AZ to be measured is 
compensated by the change AR in the circuit resistance R, 


After the resistances of both measuring circuits have been equalized, the disconnection of the shorted wind- 
ing will cause another change in the currents, Since, in this case, there is no difference between the resistances 
of the circuits [as AR in Eq. (6) is equal to zero, it will be compensated by the change in resistance Rj, the new 
current change will depend only on the magnitude of reactance AX, This new change in circuit currents can al- 
so be compensated by changing the circuit resistance R, i.e., it can be compensated by a new unbalanced state 
of the circuit resistances, which is specially introduced for this purpose, The unbalancing of the circuit resistances 
must Cause an opposite change in the current magnitudes in order that the total current variation be equal to zero 
[see Eq. (6)]. 


The value of reactance 4X can be determined with respect to the new change in the circuit resistance, 
since AX will be proportional to this change, This change will be equal to 
2X 
— AR, ~ AX Rr’ (7) 
The minus sign indicates the nature of the change in the basic measuring-circuit resistance: it decreases 
for inductive AX, and increases for capacitive AX, 


In the circuits considered below, the small value of the constant component of the difference between the 
two rectified currents passing through the control windings is directly amplified by a magnetic amplifier, 


Figure 3 shows a variant of the simplest single-ended magnetic amplifier, which is controlled by the differ- 
ence between two rectified currents, 


If identical cores with identical magnetic characteristics are used in the W, and W, windings, the induced 
emf is equal to zero, due to the opposition of equal magnetic fluxes, Therefore, the shorting of either of the W, 
and W,. windings will not cause a change in the load current I; . 
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Fig. 4. Circuit of a single-ended magnetic amplifier for im- 
pedance measurements, 





Fig. 5. 


The load current will change only due to the constant component of the difference between the rectified 
currents in the control windings. 


The W,, windings, which are wound on a common magnetic circuit, are magnetically coupled, and they 
have a certain inductance, 


It was shown in [3] that the connection of magnetically coupled windings to the output of rectifier bridges 
can be used for impedance measurements, In this case, if the winding W, is shorted, the constant component of 
the rectified control-current difference will depend on the resistive component AR of the impedance to be 
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Fig. 7. Differential circuit of a push-pull magnetic amplifier for 
impedance measurements, 


measured and, if the winding W, is open, it will depend on the magnitude of AX,as well as on the magnitude of 
the introduced resistance unbalance AR, 


The simultaneous magnetization of the cores by several magnetic fields with different frequencies will af- 
fect the inductance of the W, windings, and cause the appearance in these windings of an emf with the even har- 
monics of the magnetic-amplifier feed frequency. The appearance of even-harmonic currents is undesirable be- 
cause they distort the sinusoidal shape of the control alternating current ~ the measuring-circuit current, 


In order to eliminate the controkcurrent distortions caused by even-harmonic currents, the W, winding must 
be shorted in AR measurements, as well as in AX measurements, In this case, the separate measurement of AR 
and AX can be secured by means of additional magnetically coupled windings (MCW), by connecting them to the 
ac Circuit, as is shown in Fig. 4, The circuit in Fig, 4 has a feedback winding, which is used for a larger gain, as 
well as for the purpose of distinguishing between the polarities of the current difference to be amplified, In this 


case, the change in the amplified-signal polarity will cause an opposite change in the magnetic-amplifier load 
current, 
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Such amplifiers can have load characteristics similar to that shown in Figs, 7 and 8 in [4]. 


A single-ended magnetic amplifier can also be used as a contactless relay, Figures 5 and 6 show two vari- 
ants of a contactless relay circuit, The circuit in Fig. 5 pertains to a relay which is controlled by varying the im- 
pedance resistive component, and the circuit in Fig, 6 pertains to a relay that is controlled by the impedance in- 
ductive reactance component, The circuit shown in Fig. 6 is designed for industrial process control by means of 
two converters for transforming nonelectrical quantities into the electrical quantities AZ, and AZ,. The current 
differences caused by changes in the resistive components of impedances AZ, and AZ, in each control-winding 
pair cause the magnetic-amplifier cores to be magnetized in opposition, and they are mutually completely com- 
pensated for a suitable number of turns, The ampere-turns resulting from changes in the reactive components of 
impedances AZ, and AZ, are different in each pair of windings. The control ampere-turns resulting from the 
change in the impedance AZ, reactive component are approximately equal to zero and, therefore, the magnetic- 
amplifier core magnetization will virtually be determined by the change in the impedance AZ, reactive com- 
ponent, 


Differential, bridge, and transformer circuits of push-pull magnetic amplifiers without feedback, and with 
external feedback, can also be used for separate measurements of impedance components by means of the method 
of magnetically coupled circuits. 


Paper [1] is concerned with an impedance- measurement variant employing a differential circuit with push- 
pull magnetic amplifiers, where the magnetic-amplifier control windings are used as the magnetically coupled 
windings. 


Figure 7 shows another variant of the magnetic-amplifier differential circuit for impedance measurements, 
This circuit is designed for successive determination of impedance components, After the impedance AZ to be 
measured is connected to the measuring circuit by means of key K; , the resistance AR is always determined first, 
while the W; winding is shorted. The output-voltage (current) deviation, caused by the connection of the imped- 
ance to be measured, is here compensated by the much larger changes in the impedance of the compensation 
winding Wree 

For convenience in reading, the ratio of the resistance to be measured to the resistance to be varied was 
made to be 


AR: AR,. = 1:10 


by a suitable selection of turns and resistances of the circuits, 


For the open W; winding, the output-voltage deviations caused by the connection of the resistance to be 
measured are used for determining the reactance AX, This deviation is also balanced by the change in the com- 
pensation-winding resistances, 


In measuring impedances according to the method of magnetically coupled circuits by means of the circuit 
shown in Fig, 7, the smallest scale division for AR was equal to 0,01 ohm, and the scale division for AX was equal 
to 0.1 mm, In this case, the measuring circuits and the magnetic-amplifier load windings were fed from a single 
1000-cps feed source, 





The magnetic amplifiers were made of laminated toroidal cores, for which the 79 NM alloy was used, A 
type-167311 multirange galvanometer with a luminous indicator was used as the magnetic-amplifier load, 


Push-pull, as well as single-ended magnetic-amplifier circuits, can be used as contactless control relays 
with different characteristics, 


There is a great variety of magnetic-amplifier circuits, which provides for a large scope of application of 
this measurement method in combination with various data transmitters. 
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SOME CIRCUITS FOR HALF-WAVE (HIGH-SPEED) 
MAGNETIC AMPLIFIERS FOR SERVOMOTORS 


V. G. Leskov, A. I. Chizhov, and I, I. Chicherin (Leningrad) 


Translated from Avtomatika i Telemekhanika, Vol, 22, No, 2, pp. 250-258, February, 1961 
Original article submitted March 4, 1960 


Three high-speed magnetic-amplifier circuits for servomotors are considered, and their properties 
are noted, The article provides data and the results of tests that were performed in using the pro- 
posed magnetic-amplifier circuits for an ac servomotor. 


At the present time, half-wave magnetic amplifiers are used to an ever-increasing extent in automatic con- 
trol and regulation circuits, Amplifiers of this type are characterized by a number of specific properties: Their 
inertia is low (it does not exceed one period of the feed source frequency), they can be controlled by dc, ac, and 
half-wave current signals (including simultaneous control), they have a smaller number of circuit elements in 
comparison with full-wave circuits, etc, 


The above characteristics are the reason why half-wave magnetic amplifiers are used to such a great extent, 


However, certain undesirable properties are also inherent in half-wave amplifier circuits, For instance, non- 
directional action occurs in a number of cases, which consists in the action of the subsequent stages on the preced- 
ing stages (or on the devices controlling them); this action is a result of the transformation of the basic-frequency 
emf or of the harmonic components in the control windings; half-wave amplifiers have a relatively low power 
amplification factor [1], etc, On the one hand, these undesirable properties of half-wave magnetic amplifiers 
restrict their scope and, on the other hand, they stimulate the development of new circuits that would be free from 
the above deficiencies to various degrees, 


Three half-wave magnetic amplifier circuits whose parameters have been improved in comparison with those 
of the available circuits are considered below: a two-arm half-wave circuit with rigid positive capacitive feed- 
back with respect to alternating current, which is characterized by a higher power-gain value, and two two-arm 
half-wave amplifier circuits, which are characterized by a high q factor, and by their improved detecting proper- 
ties (a better action directivity), 


The Two-Arm Half-Wave Magnetic Amplifier with Rigid Positive 





Capacitive Feedback with Respect to Alternating Current 


The amplifier circuit, which is shown in Fig, la, consists of a so-called half-wave bridge amplifier, which 
differs from the known circuits by the presence of rigid positive capacitive feedback with respect to alternating 
current, which makes it possible considerably to improve the stage-amplification factor, 


Basic Circuit Elements 


The choke is made of toroidal laminated cores with windings, Permalloy N79M4, 0,1-mm thick, is used as 
the core material, D,-D, denote germanium-type D2V diodes, 


Figure 1b shows another variant of this circuit, which differs from the first variant by a smaller number of 
diodes and working windings W,. 
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Fig. 2. 


The amplifier operates in the following manner, If there is no 
signal at the input, a half-wave rectified current passes through each 
working winding W. of the cores I and Il, The constant component 
of this current creates the feedback field, whose direction is invari- 
able in each of the cores, In this, the amplifier load current is equal 
to zero, If an ac or de current signal is present in one of the ampli- 
fier control windings W,,, or Wo=, one of the cores becomes mag- 
netized, and the other demagnetized, as a result of which an ampli- 
fied half-wave rectified current will pass through the load, 


The variable component ~ 2% sin wt of the output- voltage 


basic frequency is fed to the positive-feedback winding Wf, through 
capacitor C, In this, the current arising in the circuit of the feed- 
back windings creates additional ampere-turns whose sign is identical 
to the sign of the control ampere-turns (which is secured by a suit- 
able connection of the Wm, windings), It should be noted that this 
method of introducing positive feedback is especially efficient in 

the case where the inductive load is considerable, In particular, by 

a suitable choice of the C value and the number of turns in the Wp, 
winding, the feedback-factor value can be increase to a value Kg, > 1, 
i.e., the stage can operate as a relay, In this case, the relay 
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insensitivity zone can be regulated within certain limits by means of the Rj, resistor in the biasing circuit, 





The amplifier and the relay static characteristics are given in Figs. 2a and 2b, respectively, while Curve 1 
in Fig. 2a corresponds to the absence of positive capacitive feedback, and Curve 2 corresponds to the presence of 
rigid positive capacitive feedback, 


The circuit under consideration can be used as an input or intermediate low-power stage in servomotor 
amplifiers and, for Kfp > 1, it can be used as a relay in approximate-reading circuits of two-reading servomotors 
and as a contactless relay in automatic-control relay systems, 


Another interesting characteristic of the magnetic-amplifier circuit under consideration should be mentioned, 
If it is used with the half-wave phase-detecting rectifier whose circuit is shown in Fig, 3 (the circuit was proposed 
by V. G. Baranovskii); due to the possibility of simultaneously controlling half-wave circuits by means of de and 
ac currents, it is possible to obtain an amplifier-output voltage whose one component is proportional to the input 
signal, and the other is proportional to the rate of change of the constant component of the phase-detecting recti- 
fier input voltage, 


In a number of cases, the above property of this circuit makes it possible to simplify, to a considerable ex- 
tent, the entire servomotor circuit, 


Two-Arm Half-Wave Magnetic Amplifiers with a High q Factor 








As is known, the basic problem of magnetic-amplifier control consists in changing the core magnetic state 
by varying the magnetic field constant component. 


In magnetic amplifiers with positive feedback, this problem can be solved by varying the current magnitude 
and direction in the control windings, or by varying the positive-feedback magnitude by changing the rectifica- 
tion factor of the feedback rectifiers, 













Experiments indicate that the second method provides wide opportunities of designing magnetic-amplifier 
circuits of much better quality in comparison with the circuits already available, This is especially true of half- 
wave magnetic amplifiers with small inertia. 


In practice, the essence of the second method consists in shunting the feedback rectifiers by means of vari- 
able and controllable resistors, and in changing the magnitude of this variable resistance in correspondence with 
the intensity of the input signal to be amplified. 


Various devices, in particular electronic tubes, thyratrons, semiconductor triodes, etc,, can apparently be 
used as such variable and controllable resistors, Semiconductor triodes, which would, in this case, constitute in- 
tegral parts of the magnetic amplifiers, should be preferred. 


Figure 4 shows the circuit of a high-speed, two-arm (push-pull) magnetic power amplifier with an ac out- 
put, which is controlled by varying the internal-feedback magnitude by means of semiconductor triodes that, in 
turn, regulate the rectification factor of the internal-feedback rectifiers, 





Such a magnetic-amplifier circuit will have the following basic advantages: 
1) a large power gain per single stage (over 1.5 » 10°); 
2) a low inertia (of the order of a single period of the feed-voltage source frequency); 


3) a large g factor, “Pw 7.5 + 10° (where Kp is the power gain, and T is the time constant); 


4) good detecting properties; 

5) a simpler winding technology (due to the absence of control windings, biasing windings, etc.); 
6) a wide range of the static characteristic linear portion; 

7) the absence of the necessity for a separate feed source for the semiconductor triodes; 


8) the possibility of tapping off large power from the same cores by using the entire core opening area only 
for the working winding. 


As follows from Fig, 4, the amplifier circuit under consideration consists of a four-arm ac bridge, two arms 
of which consist of DrS-1 and DrS-2 differential-control saturable reactors with internal positive feedback, which 
is secured by rectifiers Re, and Re,, respectively; the other two arms consist of the Tr2 transformer windings. The 
feed voltage Us is connected to the bridge diagonal (between the common points of the adjacent arms), and the 
load impedance Z,; is connected to the secondary winding of the balancing transformer Tr2, The saturable re- 
actors are controlled by shunting the Re, and Re, rectifiers by means of semiconductor triodes ST, and ST. 


It is known [2] that, if ac voltage is fed to the crystal-triode collector circuit, the collector current will 
flow in both directions, and a strong reverse influence of the collector circuit on the emitter circuit will be ob- 
served, The connection of rectifiers Re, and Re; to the collector circuit results in the fact that the collector cur- 
reiit can flow only in one direction. 


By means of resistors Ry-Rg, the operating point on the linear portions of the triode characteristics is deter- 
mined, and the stabilization of their operating temperature conditions is secured, The current intensity ], (the 
initial operating point on the semiconductor triode characteristic) is chosen in such a manner that the initial cur- 
rent value I} approximately corresponds to the middle of the characteristic linear portion I; = ¢ (1), where I, 
is the current passing through the bridge arms when the feed voltage “plus” is applied to the common point of the 
transformer Tr2 windings, and I}, denotes the same for the case where the feed voltage “plus” is applied to the 
common point of the chokes, 


In the absence of input signals, the bridge balancing with respect to the feed-voltage first harmonic is ef- 
fected by means of resistor Rj. The circuit differential control is secured by the fact that the input signal with 
frequency f is fed to the base of one semiconductor triode in step with the collector voltage, and to the base of 
the other semiconductor triode in phase opposition to the collector voltage. When the input signal is supplied, the 
Ip, Current increases, and the Ip, current decreases (see Fig. 4). Correspondingly, the Iy, current decreases, and 
the Ij, current increases, and a voltage with a certain given phase arises in the load, If the input-signal phase is 
changed by 180°, the pattern of the described effects will be reversed. 


The Trl transformer serves for the phase~opposition feed of the input signal to the semiconductor triodes, 
and for matching the signal data transmitter with the input resistance of the semiconductor triodes, The connec- 
tion polarities of the Re,-Re, rectifiers shown in Fig, 4 are those specified for p— n— p semiconductor triodes, 
The connection polarities for n— p— n semiconductor triodes must be reversed, 


The basic data concerning the stage constructed on the basis of the circuit shown in Fig. 4 are the follow- 
ing: Trl is a toroidal transformer with a core made of 50NP material (strip thickness 0,05 mm); Tr2 is a three- 
leg transformer with a core made of E44 material (plate thickness 0.2 mm); DrS-1 and DrS-2 are reactors with 
toroidal cores made of KhVP material (thickness 0,08 mm), 


In the absence of input signals, Ij , = 1} 2 = 0.325 amp, Ip, = Ib2-= 0.001 amp, U.. = 110 volts, f = 500 cps, 


If input signals are supplied, Ujp = 9.5 volts, ijn = 0.0002 amp, "7, = 0.15 amp, I"z2 = 0.5 amp, Ip, = 
= 0,0005 amp, Ip, = 0.0015 amp, Uoyt = 100 volts, Iy = 0.15 amp, 


218 


















































+ out 
bu 

c | d 

, 7 , 
| 
c | Cor 
| “a 
4 al? 21 | Cc 
L L 
2 ef ae 
Fig. 5. 


ie. 





Fig. 6. 


The circuit shown in Fig, 5a is a result of further improvement of the above-considered two-arm half-wave 
magnetic power amplifier, As can be seen from the figure, this circuit differs from the circuit considered above 
by the fact that the feedback rectifiers have been eliminated, Their functions, and the functions of the variable 
control resistors, are simultaneously performed by semiconductor triodes, which are connected to a circuit with 
a common base, In other respects, the circuit in Fig. 5a is basically the same as the circuit in Fig, 4; it also con- 
sists of a four-arm ac bridge, whose two arms consist of differential-control saturable reactors DrS-1 and DrS-2, 
the working windings of which are connected in series to triodes ST, and ST,. The other two arms consist of the 
identical windings W, and W, of the Tr2 transformer, 


The detecting properties of the collector-base junction of each of the triodes secures the flow of half-wave 
rectified currents through the W,, windings of the DrS-1 and DrS-2 reactors in the direction of the low triode re- 
sistance, ie., from the collector to the base, The magnitudes of these currents determine the magnetic state of 
the cores and the impedance of each of the reactors, 
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If no signals are supplied to the triode inputs (in the emitter-base circuit), the currents flowing through the 
triodes (in the collector-base circuit) are equal, In this case, the impedances of the DrS-1 and DrS-2 reactors 
are also equal, 


If signals are fed to the amplifier input, the current intensities in the triodes (in the emitter-base circuit) 
change which, in turn, leads to a differential variation of the resistances of the base-collector junctions, which 
play the role of controllable reverse rectifier resistors in the circuits of the amplifier working windings, 


The resulting variation of the magnitude of the constant components of currents flowing through the re- 
actor W,, windings leads to changes in reactor impedances and to a redistribution of voltage-drop values across 
the reactors and the W, and W, windings of the Tr2 transformer. 


The difference between the voltage drops across the W, and W, windings is transformed into load Z; , which 
is connected to the transformer secondary winding. 


The variation of the output-voltage phase in dependence on the input-signal phase is secured by a suitable 
connection of the windings of transformers Trl and Tr2, The load-shunting capacitance C serves for correcting 
the shape of the output-voltage curve. 


The R, and Ry resistors make it possible to regulate the initial magnetization of the reactors (for Ujp = 9), 
and to eliminate the spread of the triode and reactor characteristics, A more flexible method for solving this 
problem is that of selecting the operating points on the triode characteristics by supplying a negative bias to the 
bases of the triodes with respect to the emitters, 


The basic data concerning the stage constructed on the basis of the circuit shown in Fig. 5a are the follow- 
ing: Trl is a three-leg transformer with a core made of £44 material (plate thickness 0,2 mm), ST, and ST; are 
germanium P-201V triodes, DrS-1 and DrS-2 are reactors with toroidal cores made of KhVP material (strip thick- 
ness 0,08 mm), and Tr2 is a three-leg transformer with a core made of £44 material (plate thickness 0,2 mm), 


For Ujy = 0, Izy = Iz2 = 450 milliamp, U~ = 110 volts, f = 500 cps, 
For Ujp = 1 volt, ip = 1 milliamp, Upyt = 125 volts, Ipy¢ = 380 milliamp, 


The above-considered circuits can be modified in the following manner without affecting their basic ad- 
vantages; 


a) The feed can be supplied from the Tr2 transformer secondary winding (Fig. 5b), which makes it possible 
to widen the feed-voltage range of the source to be used; 


b) the output transformer Tr2 can be disconnected (Fig. 5c) and replaced by a voltage divider (Zpal,; and 
Zpal 2); 


c) the output can be connected to the ac differentia! load (Fig. 5d); 
d) differential control of the circuits considered can be secured by means of dc signals, 


The high qualities of the circuits under consideration were confirmed in experiments, Thus, in particular, 
the first circuit amplification factors with respect to power, voltage, and current attained values of the order of 
Kp = 150,000, Ky = 200, and Kj = 750, respectively, while the following values were obtained for the second cir- 
cuit: Kp = 45,000, Ky = 120, and Kj = 375, 


The g factors for the first and second circuit, respectively, were 


K. K 
PL = 7,5-10* sec™; — =2,25-10? sec™?. 
1 Te 
The experimental data indicate that the qualities of the circuit shown in Fig. 4 are higher than that of the 
circuit of Fig. 5a, 


An investigation of the inertia of the above two circuits yielded T, = 0,002 sec for the first-circuit time 
constant and T, = 0,002 sec for the second-circuit time constant, 


The static characteristic of the amplifier based on the circuit of Fig, 4 is shown in Fig. 6a (the control wind- 
ing of an ADP-123 motor was used as the amplifier load), and the static characteristic of the amplifier based on 














the circuit of Fig. 5a is shown in Fig. 6b (U,, = 110 volts; Zz; = 320 ohms), It is clear from the figures that the 
characteristics have a rather large linear portion, 


The operation of the circuit shown in Fig. 4 was tested under conditions where the surrounding temperature, 
the voltage, and the power-supply frequency were varied, The test results showed that the operating stability of 
the circuit under consideration was satisfactory. 


It should be noted that the simultaneous use of semiconductor triodes and magnetic amplifiers makes it 
possible to design amplifier devices whose properties are most satisfactory with respect to reliability, operating 
speed, and minimum weight and dimensions requirements for sufficiently high gain and output-power values, 


SUMMARY 


1. Half-wave (high-speed) magnetic amplifiers provide wide possibilities for designing circuits which would 
satisfy various requirements, and which would have higher-quality characteristics than full-wave magnetic-ampli- 
fier circuits, 


2. The use of semiconductor devices as integral parts of half-wave magnetic amplifiers makes it possible 
to considerably improve the q factor of the latter, and to improve their detecting properties (action directivity). 


3. The two-arm half-wave magnetic amplifiers which we developed and constructed made it possible to 
obtain a q factor value of the order of (2,0-7,0) ° 10’ sec™ for a single stage, and a time constant equal to T = 
= 0,002 sec, 
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THE PULSE FEED OF MEASURING-BRIDGE CIRCUITS WITH 
SEMICONDUCTOR RESISTORS IN TWO-POSITION 
TEMPERATURE CONTROL DEVICES 


V. F. Bakhmut-skii, I. I. Vinshtein, and S. E. Sas (Lvov) 


Translated from Avtomatika i Telemekhanika, Vol, 22, No, 2, pp. 259-262, February, 1961 
Original article submitted April 5, 1960 


The thermal regime of a semiconductor thermoresistor under pulse-feed conditions is considered 
here, The power gain at the output of a measuring bridge circuit in comparison with the case of 
continuous feed, is estimated, General recommendations regarding the pulse feed of measuring 
circuits with thermoresistors in temperature position control devices are provided, 


In ordinary two-position temperature control systems, the time interval between two successive regulator 
actuations lies within the interval from units to tens of minutes, while the output zelay actuation time is 107° to 
10°! sec for electromagnetic relays, and 10°° to 1075 sec for electronic relays, Under these conditions, continu- 
ous feed of measuring circuits with semiconductor thermoresistors (STR) is 


pl not necessary. In principle, the feed can be provided periodically in pulses 
whose duration is sufficient for the output relay actuation, If we consider 
mee Mc TI the fact that, in the case of continuous feed, the electrical energy dissi- 


J 








pated in STR is wasted on heating STR, and that, under pulse-feed condi- 
tions, the energy in STR is dissipated during a very short interval of time, 
the pulse power can be considerably increased without exceeding the assigned STR overheating value, which is de- 
termined by the assigned regulation accuracy, The corresponding power gain at the measuring-circuit output, in 
comparison with the case of continuous feed, makes it possible to simplify the amplifying device to a considerable 
extem, or to eliminate it completely. 


Under pulse-feed conditions, the measuring circuit can be loaded with any element having two stable states: 
a polarized relay, a magnetostatic trigger, an electronic trigger, etc., can be used, In this, if an electronic trig- 
ger is used, because of its fast action, the pulses can be directly formed from industrial-frequency voltage by 
means of the well-known methods used in pulse techniques {1]. Mechanical and bimetal time relays, time relays 
with indirect-heating STR [2], relays with filamentless thyratrons [3], etc., can be used for the periodic switching 
of the pulse-shaping elements, In this, the pulse repetition period must be shorter than the time during which the 
object temperature changes by a magnitude equal to the assigned regulation zone, By the term regulation zone, 
we here understand a temperature interval within which the object temperature changes in cycles when the regu- 
lator is switched on, 


The figure shows the block diagram of a regulator with a pulse-fed measuring circuit with STR, where PG 
is the pulse generator, MC is the measuring circuit, and TI is the two-position indicator, 


Let us consider the STR thermal regime under pulse-feed conditions, 
Let the power dissipated in STR change according to the law 


po={) for n(t +4 )Stgnltyp+h) +h, 
0 for n(tp +t) +4 Stn + 1) (4 +4), a 
where n = 0,1, 2,..+, & is the pulse time, tp is the pause time, and P is the pulse power value, 











The heat-balance equation will be written thus: 
mc dT + ks(T — 8) dt = p(t) dt, (2) 


where m is the STR mass, c is the specific heat, k is the heat transfer coefficient, s is the STR surface area, T is 
the STR temperature (we assume that there is no temperature gradient throughout the STR volume), and @ is the 
surrounding medium temperature, 


By introducing in (2) the notation = =T (the STR time constant) and =o, and by substituting p(t) 
from (1), we can rewrite (2) thus: 


TH+ ATato4 oP for nt +hV<t<nlt, +t) +4 
matin ' (3) 


We shall denote by T(2) , the solution of Eq. (3) for the (n + 1Xth pulse, and by T@) , the solution for the 
(n + 1th pause, The general solution will be obtained by the fitting method, As a result, we obtain 
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where cif!) + 0, «2+ 0 for n> a; t, varies within the (0, tj] interval, and t, varies within the [0, tp] interval, 
For steady-state conditions (n ~ ), we obtain: 
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From (7), we find the maximum steady-state overheating (for t, = 0): 
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It is necessary that 
(ATmaxhu = (47 oan = 9 (Po) an (9) 


where (AT nax),,, is the maximum allowable overheating under pulse-feed conditions, (AT»),); is the maximum 
allowable overheating under continuous feed conditions, and (P ),1, is the maximum allowable power under con- 
tinuous feed conditions, By substituting (9) in (8), we obtain the gain in power that is dissipated by STR (or, 
which is the same, the power gain at the measuring bridge circuit output) 
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Equation (10) indicates that the power gain under pulse-feed conditions, in comparison with continuous feed, 
is determined by two parameters: tp/T and tj/T. For tp/T = 0 (the case of continuous feed), N = 1, and no gain 
is obtained, As t,/T increases and tj/T decreases, the gain becomes larger. However, it should be noted that 
there is an upper t for tp/T , as well as a lower limit for j/T. The lower limit of tj and, correspondingly, of 
tj/T , is determined by the indicator actuation time. The upper limit of t, and, correspondingly, of tp/T , is de- 
termined by the rate of change in the object temperature. Since tp is the time during which the circuit does not 
follow the changes in the STR resistance (temperature), and the time of the STR reaction to temperature changes 
in the object is of the order of T , a t, value of the order of T , i.e., a t/t value of the order of unity, can be ac- 
cepted, It can be readily seen that power gain N is of the order of the time constant to the pulse-time ratio, 
Actually, from (10), we have N * 0.6(r/t) for tp/T = 1. With an increase in the t,/T ratio, the value of N 
rapidly tends to T/ qj; even for tp/T = 3, N * 0,95(T/t;). In practice, we can choose a tp/T value which is even 


considerably lower than unity. In the latter case, as can be readily seen from (10), N * rr , i.e., the power 
gain is equal to the duty ratio, 
In conclusion, we shall consider some additional advantages of pulse feed, 


1, In estimating the power gain at the measuring-circuit output, it was assumed that the maximum allow- 
able STR overheating under pulse-feed conditions (equal to the maximum allowable STR overheating under con- 
tinuous-feed conditions) was determined on the basis of the assigned measurement accuracy, and that it was not 
taken into account in calibrating the measuring circuit, This STR thermal regime can be forced by further in- 
creasing the pulse power under the condition that the corresponding STR overheating is taken into account in 
calibrating the measuring circuit, This will make it possible to increase, to a considerable extent, the power gain 
at the measuring-circuit output in comparison with the value given in (10), It is obvious that the STR overheating 
under forced conditions can be taken into account only if the overheating is steady, i.e., only if the character of 
the medium to be controlled, and its motion velocity with respect to STR, are constant, 


2, The above pertains to STR and measuring-bridge circuits, However, all that has been said can be readily 
applied to cases where wire resistance thermometers and differential measuring circuits are used, 


3. The feed pulses can be nonrectangular; in this case, the calculations are performed with respect to the 
effective pulse power value. 


4, Two-position control has been treated here, However, pulse feed of measuring circuits with thermore- 
sistors can be used with equal success in three-position temperature regulators, as well as in temperature signali- 
zation and safety devices, 


5. If there are several points to be controlled in a single system, pulse feed can be supplied from a common 
high-power pulse generator (or from a generator of the same power if a bypass device is available), In this case, 
a single pulse generator would replace the amplification units, the number of which is proportional to the number 
of the points to be controlled, 
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The present paper describes the work performed at the All-Union Scientific-Research Institute of 
Electrical Power Engineering in the field of high-frequency remote-control channels, Among the 
devices considered in detail here are the audio equipment with semiconductor components for re- 
mote-control channels, new combined equipment for telephone communications, and remote 
control for use with electrical power transmission-line conductors, and equipment for the trans- 
mission of switchoff signals (remote disconnection) and the remote transmission of the industrial- 
frequency voltage phase angle for devices controlling the excitation of hydraulic generators, 
Block diagrams of the above equipment are considered, and the results of laboratory tests are 
provided, 


1, Audio Equipment for Remote-Control Channels (TMT-P) 





Modern equipment for remote-control channels must have the following properties; It must have maximum 
flexibility in utilization, small power consumption, and small weight and dimensions, while being highly reliable 
at the same time, The equipment must be suitable for the connection of contact, as well as contactless, remote- 
control devices of different types, 


In connection with these requirements, and on the basis of the experience gained in the utilization of TMT, 
TMT-M, etc,, devices, new remote-control channel equipment with semiconductor TMT-P devices have been de~- 
veloped at the Institute of Electrical Power Engineering in collaboration with industrial enterprises, This equip- 
ment is designed for the multiplexing of wire networks in the 400 to 3200 cps range, or for the multiplexing of 
high-frequency channels in electrical power transmission lines, radio lines, and wire communication lines, 


In the 400-3200 cps range, up to 16 simplex, or seven duplex, channels can be provided in a single circuit, 
The equipment can be used for the transmission of code pulses at a rate of up to 50 bands, as well as in ac remote 
measurement frequency systems where the frequency changes from 23 to 50 cps, The frequency scale of the chan- 
nels is the same as that of the telegraphic equipment TT 12/16, and the remote-control channel equipment with 
TMT-M electronic tubes, i.e., 


1g = 450 + 180 (n — l), 


where n is the channel number from 1 to 16; the transmission bandwidth of each channel is approximately equal 
to 140 cps, For a better noise stability and a better control stability in time, the transmission is based on the me~ 
thod of narrow-band frequency modulation with an index approximately equal to 1, 


The main difference between the TMT-P equipment and the previously used remote-control channel de- 
vices consists in the fact that the electronic tubes have been replaced by semiconductor triodes, and that the 
channel transmitters and receivers have been constructed as self-contained units with separate electrical feed and 
measurement units, The transmitters, as well as the receivers, can be used without group devices, The most im- 
portant practical requirements have thereby been satisfied, and wide possibilities for a versatile arrangement of 
transmitters and receivers for any frequency at the equipment mounting post have been provided. 
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Fig. 2. 


For duplex operation with a single circuit, a mounting plate with a differential system is available, 


The channel overlapping attenuation in simplex operation amounts to approximately 5 nepers. This corre- 
sponds to a distance of over 1500 km for a bronze circuit, or to a distance of approximately 150 km for a steel 
circuit, In duplex operation, the overlapping attenuation is approximately over 4 nepers, i.e., it is approximately 
higher by 1 neper than that encountered in using the TMT-M equipment, 


The increase in overlapping attenuation can be explained by the fact that the generator is provided with a 
separate output amplifier, which secures a level of up to +1.5 nepers beyond the transmitter filter. 


In order to cover an even greater channel attenuation, an intermediate amplifier can be used, which would 
secure an Output level of up to +3.5 nepers for a harmonic coefficient less than or equal to. 0,25%, and a power 
amplification factor approximately equal to 50,000, 


The wiring diagram of the TMT-P transmitter (without the terminal amplifier stage and the output filter) 
is shown in Fig. 1. 























Fig. 3. Block diagram of the high-frequency equipment 
for a single telephone channel and 12 remote-control 
channels; 1) automation devices; 2) differential system; 
3) low-frequency amplifier; 4) toroidal transducer; 5) 
intermediate-frequency filter; 6) high-frequency band 
filter; 7) high-power amplifier; 8) linear filter; 9) high- 
frequency differential system; 10) receiver-input filter; 
11) high-frequency amplifier; 12) intermediate-fre- 
quency amplifier with automatic volume control; 13) 
carrier- frequency oscillator, 


Disconnection 


Fig. 4. 


Frequency modulation in the audio channels 
is secured by connecting in parallel to the gener- 
ator LC-circuit a capacitance or inductance through 
the control diodes, and supplying the signal voltage 
to them, A voltage of 4 volts for a transmitter in- 
put resistance of not less than 2 kohms is sufficient 
for the transmitter modulation, 


The receiver is based on an ordinary circuit 
with a push-pull limiter and a two-circuit dis- 
criminator, Provisions have been made for the 
connection of any remote measurement or remote- 
control device with relay contact, as well as con- 
tactless inputs, A simplified TMT-P receiver cir- 
cuit (without the input filter and the first ampli- 
fier stages) is shown in Fig. 2. 


A voltage of over 4 volts for a resistance of 
1600 ohms is secured at the output of the receiver 
designed for the connection of contactless remote- 
control devices, The switch to semiconductor de- 
vices, and the use of small-size components, have 
drastically reduced the equipment dimensions, 
Therefore, not six (as in the tube variant of the 
TMT-M equipment), but 16 transmitters or re- 
ceivers, together with the intermediate amplifier 
mounting plates or a differential system plate, can 
be mounted on a stand 2,5 m high, 


The feed-power reduction by a factor of 
about 20 in comparison with the tube equipment 
constitutes an advantage of the semiconductor 
variant of the equipment, The maximum feed- 
power consumption in operation with 16 receivers 
does not exceed 60 watts, 


The stabilization of the triode operating 


conditions secures stable equipment operation for temperature changes from +5° to +45°, 


The industrial production of this equipment is presently being organized, 


2. High-Frequency Equipment with New Components for Telephone Communications 





and Remote Control 


The high-frequency equipment with the newly developed units for telephone communications and remote 
control is designed for organizing telephone communication and remote-control channels and, in certain cases, 
also relay protection and system automation channels in medium- and high-voltage power-transmission lines, 


The equipment is based on semiconductor triodes and miniature resistors, capacitors, and induction coils, 
Electronic tubes can be temporarily used in the transmitter high-power amplifiers, since the production of high- 
frequency semiconductor triodes for powers of the order of tens of watts has not yet been organized, 


The equipment design in the form of self-contained units provides the possibility of various modifications 
with different numbers of telephony and remote-control channels, Transmission is effected according to the single- 
frequency sideband system (SSB) in the range from 40 to 300-500 ke, 


A bandwidth of 4,5-5.0 kc (for one transmission direction) contains one telephone channel and 12 remote- 
control channels (Fig, 3), or two telephone channels and four remote-control and telephone channels, 
























The following equipment variants can also 
be provided, 


Equipment for conversion to TMT-P for sim- 
h (620) —~ plex or duplex transmission for a high-frequency 
channel width from 1 to 3 kc, which is designed 
for different numbers of secondary channels, which 
can vary from 6 yo 16, 


WO cre pe 
" '>Is Pw Equipment for conversion to VS-2/3 or V-3 


multichannel long-distance communication sys- 
for ~ tems for a high-frequency channel width of 5 or 
a si 
P, 
-fu}HSH{ +43} >bHH + 820} —| > |$°Pe 9 ke (for one direction), 
13 4 
f: 
SR f Equipment for telephone communications 


Inter- along lines with branches for a single 2-kc band 


fw 
ference - + Output relay for both directions, 
blockingL. | 
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diate Emergency relay Equipment designed for a single telephone 

. . channel, one to three remote-control and telephone 
channels, and a channel for remote cyclic meas- 
urement transmission (RM) with a high-frequency 
channel width of 2,5-3,5 ke (for one direction), 


Fig. 5. Blook diagram of the remote-disconnection de- 
vice: 1) 570-cps resonator; 2) tuning-fork 520-cps 
oscillator; 3) tuning-fork 620-cps oscillator; 4) mani- 


pulator stage; 5) controlled stage; 6) power amplifier; Along with terminal equipment, universal 
7) transmitter linear filter; 8) master oscillator; 9) re- intermediate amplifiers, which provide the possi- 
ceiver-input filter; 10) high-frequency amplifier; 11) bility of frequency inversion or shifting, or direct 
detector with automatic cutoff regulation; 12) low-fre- amplification, are provided for all variants, 


quency amplifier; 4 tuning-fork filters; 14) amplifiers. This line of high-frequency equipment 18 


intended to replace the equipment presently pro- 
duced, and also to satisfy a number of new requirements, Preliminary calculations indicate that the power con- 
sumption of the recently developed equipment will be reduced three- to fourfold, and that the equipment dimen- 
sions will be reduced two- to threefold in comparison with equipment using tubes, all other conditions being equal, 


Along with the ordinary 140-cps channel based on TMT-P or similar units, also a broad 300 to 400-cps 
channel for remote cyclic measurement systems will be provided. 


The carrier frequencies to be supplied to the converters will be stabilized, Quartz resonators for the same 
frequency (for instance, 60 kc) will be used in carrier-frequency oscillators independently of the adjustment of 
the equipment and of the division and multiplication device for producing all the necessary frequencies, These 
measures will simplify the problem of ordering quartz resonators in the mass production of the equipment, whose 
tuning frequencies can vary to a great extent within the 40-500 kc range. 


Telephone automation will provide connection to the automatic telephone communications system, as well 
as to individual subscribers, Automation devices with telephone relays are presently available; however, work on 
the switch to contactless elements is now in progress, 


In organizing the industrial production of the equipment, requirements with respect to the electric-feed 
standardization should be taken into account; the electric feed should be designed for 127/ 220 volt alternating 
current, as well as for 24-, 48-, and 60-volt direct current. The possibility of mounting the equipment in un- 
heated rooms in unserviced substations should also be provided. 


3. Remote Disconnection Channels 





In the utilization of power systems, the necessity of remote transmission of decision (in particular, discon- 
necting) automation and protection signals is sometimes encountered. A substation without switches on the high- 
voltage side can serve as an example. In the case of transformer damage in such substations (for instance, during 
the gaseous protection action), the high-voltage switch on the opposite side of the line must open the circuit, 


























Fig. 6. 











tnepers The experience gained in utilizing affiliated power 
6+ 130k — ‘\ systems often indicates the necessity of using special de- 
y vices for the transmission of disconnecting signals. Such 
St 100 devices will doubtless be widely used in the near future, 
p eam y-120 These devices are termed remote disconnection devices, 
Remote disconnection channels, in combination with 
jt OF Af=S0icps power transmission lines (PTL) and radio, are widely used 
i abroad for the protection of substations without switches 
2+ -SOF on the high-voltage side, as well as for accelerating the 
' operation of remote protective devices in the second zone, 
ioe The basic requirements that remote disconnection 
L oie channels must satisfy are reliability and fast action, The 
a an ae “er reliability of remote disconnection channels must be much 
Fig. 7. greater than that of high-frequency protection channels, 


This is explained by the fact that, in the case of high-fre- 

quency protection, the reception of a spurious signal through 
the communication channel, during the periods when the protective device itself is not actuated, does not lead to 
spurious operation, In remote disconnection devices, the apparatus control operation is performed through the 
communication channel without control by other devices (without a trigger unit), Therefore, the reception of 
spurious information at any instant of time leads to spurious operation of the controlled apparatus, 


As a rule, the operating speed of remote disconnection channels can be lower than that of high-frequency 
protection channels, However, it must not exceed 0,05-0.1 sec in a number of cases, 


The possibility of transmitting remote disconnection signals along power-transmission lines is not so obvious 
as in the case of protection signals, Protection channels can be realized in the power-transmission lines to be pro- 
tected since, if the line is out of order, there is no necessity for transmitting signals through it. In certain cases, 
remote disconnection channels must be kept open, regardless of the state of repair of the line between the objects, 
In such cases, it is desirable to double the high-frequency channels in power-transmission lines by using another 
type of communication (radio, conductors, or cables), At the same time, it should be noted that, if the electric 
power-transmission line insulation is damaged, the necessity of transmitting disconnecting signals is sometimes 
eliminated (for instance, in protecting substations without switches on the high-voltage side), Moreover, damage 
to power-transmission lines is not often accompanied by the high-frequency channel breakdown, In the majority 
of cases where the power-transmission line is damaged, the high-frequency channel through this line does not break 
down if the line is not grounded for repair, However, even in this case, the channel interruption can be avoided 
by using grounding stoppers. 


It follows from what has been said above that, in most cases, remote disconnection channels can be organized 
along power-transmission line wires connecting transmission and receiving points. 


Two-frequency coding seems to be suitable for the transmission of remote disconnection signals, Voltage 
with one (control) frequency is continuously transmitted through the communication channel, When the discon- 
nection command is transmitted, the voltage with this frequency is removed, and a voltage with another (working) 
frequency is supplied, If the high-frequency channel breaks down, the control-frequency voltage vanishes at the 
receiving point, and the disconnection circuits must be blocked, 


Such an arrangement secures a high degree of the system protection from receiving spurious disconnection 
commands, However, it is not impossible that a disturbance of a different type can occur, namely, a disturbance 
which would cause the appearance of a spurious signal on the working frequency, and which would suppress the 
control-frequency signal, In the case of power-transmission lines where the level of pulse disturbances in commu- 
tation operations, or in the case of short-circuits, can attain +4 nepers (in a 5-ke band), such a possibility must 
be taken into account. Therefore, the Institute of Electrical Power Engineering proposed to supplement the two- 
frequency arrangement with another device — a disturbance-blocking filter, A typical circuit of a remote dis- 
connection device with such a filter is shown in Fig. 4, 


At the transmitting end, the circuit has two oscillators with the control frequency f, and the working fre- 
quency f», respectively, The receiving end is provided with three filters, each of which has a relay connected 
to its output. The filter which is tuned to the f; frequency serves for blocking pulse disturbances, The pulse 
disturbance that appears at the receiver input will act approximately to the same degree on all filters if their 
tuning frequencies do not greatly differ from each other, Therefore, in the case of disturbance- actuation of the 
relay R, at the working-frequency filter output, it is most probable that the relay R, at the disturbance-blocking 
filter output will be actuated, The contacts of this relay open the disconnection circuit and thereby keep the de- 
vice inoperative during the disturbance action. 





The maximum allowable transmission bandwidth of the filters is determined by the assigned operating speed 
of the remote disconnection device, The intervals between the f,, f2, and f, frequencies are determined by the 
selective properties of the filters used, 


As was indicated above, the total time of signal transmission through the communication channel must be 
of the order of 50-60 sec, By the total transmission time we understand the time elapsed from the moment when 
the contacts of the control relay at the transmitting end close until the moment when a voltage is supplied to the 
relay at the receiving end, On the basis of this, it was decided that the devices be provided with narrow-band 
electromechanical FNIE filters with a transmission band of 20 cps, and an interval of 50 cps between the nearest 
frequencies [1]. Two types of remote disconnection devices have been developed at the Institute of Electrical 
Power Engineering. The first device is designed for operation with a preferred high-frequency channel, Its block 
diagram is shown in Fig, 5. 


The high-frequency transmitter is continuously manipulated by the 520-cps control voltage, For transmit- 
ting the disconnection command, the 520-cps oscillator is disconnected from the manipulator, and a 620-cps 
oscillator is connected to it, Both oscillators operate continuously, and the commutation of the manipulator from 
one oscillator to another is performed by means of the control relay contacts, The receiving end is provided with 
three filters and three relays in correspondence with the circuit shown in Fig. 4. The tuning frequency of the dis- 
turbance-blocking filter is 570 cps; this frequency is located between the control and the working frequency. 
Signalization of channel damage (vanishing of the control frequency in the absence of the working frequency), 
and signalization of the disturbance-blocking relay actuation, have been provided, The signal transmission time 
is 50 usec, 


The device was put in operation on a 400-kv line in January, 1959, and was connected for switchoff action 
in February of the same year, The device has transmitted disconnection commands several times, No spurious 
operation has occurred, and no disturbance-blocking relay actuations have been observed, 





The second device is designed for the transmission of signals through a physical circuit, or for ultrasonic 
multiplexing of high-frequency telephone channels, Frequencies in the 2600-3000 cps range are used for trans- 
mission, The block diagram of the device is similar to that shown in Fig. 4. The device is based on semiconductor 
components, 


A specimen of this device was mounted in March, 1960, on a 400-kv line, The ultrasonic range of a com- 
bined EPO-3 high-frequency communication apparatus is used for transmission. 


4, Channels for Remote Phase Transmission 





Control by means of the voltage phase at the system central point provides promising possibilities for effi- 
cient regulation of hydraulic-generator operating conditions, In this, the voltage phase is transmitted through a 
communication channel to the regulator location, A device for remote phase transmission, which operates through 
the preferred high-frequency channel in a power-transmission line, has been developed at the Institute of Electrical 
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Power Engineering. The preferred channel selec- 
tion is determined by the requirement for higher 
reliability, In particular, the channel must not 
break down if the voltage for the specific purposes 
at the transmitter ot receiver location vanishes, 
The possibility of remote phase transmission by 
means of multichannel equipment is not excluded 
if the problem of inertialess feed reservation for 
this equipment can be solved, 


Discriminator The block diagram of the remote phase trans- 
7 mission device is shown in Fig, 6. 
Fig. 8. The vector diagram and the frequency response 


of the remote phase transmission channel, The transmitter contains a controllable 


oscillator with frequency quartz-stabilization, a 
two-stage amplifier-limiter 3, a power ampli- 






































4 vale dan fier 4, and an output linear differential- bridge 
by N filter 5, Inertialess frequency manipulation of the 
e - master oscillator 2, by means of industrial-fre- 
ty quency voltage, the phase of which is to be trans- 
tna ? a mitted, is effected in the transmitter, 
0+ 2 - 
7 > Single- frequency conversion is used in the 
. at nn lt receiver; it contains a high-frequency amplifier 7, 
/ ai “ with a high-frequency filter 6, a frequency con- 
Lot verter 8, an intermediate-frequency filter 9, a 
al a | limiter, a frequency detector (discriminator) 11, 
a ee a Fak a filter 12, and an industrial-frequency amplifier 13, 


The degree of protection from disturbances 
of a system with frequency manipulation depends 
on the modulation index, If it is necessary to se- 
cure a high degree of interference suppression for 
a comparatively large signal-to-noise ratio at the receiver output, a large modulation index, i.e., a large fre- 
quency deviation, is used. In this, the intermediate-frequency filter transmission band must be large, If the de- 
vice is to operate under conditions where the signal-to-noise ratio at the receiver input is small, the noise volt- 
age at the frequency detector can have a value comparable to that of the signal voltage, and the detector is then 
controlled by the noise frequency instead of the signal frequency, which leads to a sharp increase in signal dis- 
tortion, Therefore, in operation under strong interference conditions, the system with the best interference pro- 
tection will be that which allows the minimum transmission bandwidth of the intermediate-frequency filter, For 
any modulation type except the signal sideband modulation, the minimum transmission band of the intermediate- 
frequency filter is equal to the double frequency of the modulating signal, In frequency manipulation, this condi- 
tion will be satisfied for a modulation index somewhat smaller than unity. 


Fig. 9. Interference ratio at the input and output of the 
remote phase transmission device receiver, 


Deviation is effected directly in the oscillator with frequency quartz-stabilization by means of connecting 
in series a sufficiently large inductance to the quartz resonator, The inductance is regulated by means of a re- 
actance tube, 


A bandwidth of 100 cps, i.e., the minimum possible bandwidth, was chosen for the intermediate-frequency 
filter in the receiver, An intermediate frequency of 3000 cps was chosen, so that selectivity in the image chan- 
nel could be readily secured by means of the high-frequency filter. 


As usual, the discriminator is based on two resonance circuits, whici are detuned in different directions with 
respect to the intermediate frequency. A somewhat distorted industrial-frequency voltage is obtained at the dis- 
criminator output, The shape of this voltage is corrected by means of an industrial-frequency filter at the dis- 
criminator output, A 10-cps (45-55 cps) filter transmission band is used. After passing through the filter, the in- 
dustrial-frequency voltage is amplified by means of a low-frequency amplifier, 
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Two relays are provided for deactivating the device in the case of communication channel breakdown, 
Voltage to one relay is supplied from the intermediate-frequency filter output (after amplification and rectifica- 
tion), and the other relay is fed from the low-frequency amplifier output, The first is actuated if the signal trans- 
mitted through the high-frequency channel vanishes, and the second is actuated if the manipulation voltage 
vanishes, 


Let us briefly consider the phase distortions caused by remote transmission. 


The industrial-frequency voltage phase at the output of the receiver low-frequency amplifier lags behind 
the phase of the industrial-frequency manipulating voltage at the transmitting end. The phase lag occurs in all 
selective components entering the transmitter and receiver channel, as well as in the line used for the channel, 
The phase shift in the line is caused by the finite value of the signal propagation velocity in the line; it amounts 
to 6° per 100 km of line. 


The phase lag in the selective devices (filters) is equal to the phase shift between the carrier and the mani- 
pulation first-side frequency, i.e., it is determined by the transmission frequency (in this case , 50 cps), and by the 
steepness of the filter phase response. Figure 7 shows the attenuation characteristic and the phase response of the 
receiver intermediate-frequency filter, The phase shift introduced by the filter on the manipulation first-side 
frequency, in comparison with the phase shift on the carrier frequency, is 120°, Consequently, the intermediate- 
frequency filter introduces a phase lage of 120° in the transmitted industrial-frequency oscillations. 


A considerable phase shift occurs in the discriminator, which is mainly due to the ripple capacitors con- 
nected in parallel to the discriminator load, The ripple capacitors are necessary for suppressing the 3000-cps 
voltage at the discriminator output. The low-frequency filter introduces a phase shift of 90° on the 50-cps fre- 
quency, The vector diagram showing the transmitted-signal phase shift in different channel components is given 
in Fig. 8, The resulting phase shift between the industrial-frequency voltages at the channel input and ouput 
amounts to approximately 300°, 


The phase~shift magnitude depends on the transmitted oscillation frequency, The sharpest change in the 
phase shift in dependence on frequency takes place in the low-frequency output filter, The phase-shift variation 
in the output filter, which is constructed as a series resonance circuit, is determined by the expression 


360 
As = *AIpass deg/cps 


where Af pass is the filter passband, 


For A f pass = 10 cps, the phase shift is 11°30" if the frequency changes by 1 cps, Actually, the variation of 
the transmitted oscillation phase amounts to 15° per cps, The additional 3°30* are due to the effect of other filters 
in the circuit, especially of the intermediate-frequency filter. 


The reliability of the interference rejection of the developed equipment was laboratory-tested, Measure- 
ments of additional phase errors, caused by the action of smooth interferences on the receiver, were performed. 


Figure 9 shows the dependence of the difference between the signal and the interference levels at the re- 
ceiver output on such a difference at the input. The same figure shows the dependence of the maximum instant- 
aneous deviation of the transmitted oscillation phase on the difference between the signal and the interference 
levels at the receiver input, which was measured in the 2000-cps band, It is obvious from this graph that the sys- 
tem is very well protected from smooth interferences, 
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TRANSFORMATION OF SOME NONELECTRICAL QUANTITIES INTO 
ELECTRICAL SIGNALS IN APPLICATION TO 
CONTACTLESS REMOTE-CONTROL DEVICES 
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Translated from Avtomatika i Telemekhanika, Vol, 22, No, 2, pp. 271-273, February, 1961 
Original article submitted June 1, 1960 


The present article is concerned with the transformation of some nonelectrical quantities, for in- 

stance, level, radiant energy, the volume of some friable materials, and the pressure and level of 
noncurrent-conducting liquids, into electrical signals suitable for remote transmission, which are 

to be used in contactless remote-control devices based on ferrite-diode cells, 


Contactless devices based on square-loop (SL) magnetic elements and semiconductor devices are used to 
an ever-increasing extent in remote-control techniques, In connection with this, the development of primary 
nonelectrical quantity converters with semiconductor devices for 
application in contactless remote-control (RC), remote signaliza- 
‘ tion (RS), and remote-measure ment (RM) devices, is of definite 
ci interest, 





Figure 1 shows the circuit of a converter with a relay char- 
SZ hh acteristic, A semiconductor triode is used as the circuit ampli- 
fier, The control circuit in this arrangement is the feedback cir- 
' cuit, which includes a controllable resistor SE (sensing element), 
il A resistor with a constant resistance of the order of 100 kohms can 
fay | 











be used as the sensing element, A very small current I, in the 
4 A control circuit, which is caused by the leakage current through the 
sensing element when the latter is immersed in water, causes the 
Fig. 1. appearance of a negative potential on the triode base with respect 
to the emitter, due to which the triode opens, and the current I, 
in the working collector circuit sharply increases, A pilot lamp, or the winding of an electromagnetic relay, can 
be connected to the working collector circuit. The device has very small dimensions, it uses a small amount of 
power, and it is very simple to make and operate, 








An experimental model of this device was mounted on one of the mechanical irrigation control units for 
regulating the water level in the tank of the pump station in Tbilisi. 


The above-described level-data transmitter circuit can be used without any modification as a converter of 
a nonelectrical quantity to be measured — level, pressure head, or radiant energy — into an auxiliary electrical 
quantity suitable for transmission over a certain distance, For this purpose, the above circuit can be directly con- 
nected to the output-load winding of an element of the pulse distributor, as is shown in Fig. 2. 


Instead of the pilot lamp of the electromagnetic-relay winding, the control winding W,, of a linear unit 
element (LUE) is connected to the working collector circuit, 


During the pulse-distributor operation, a pulse appears in the load winding W; in the corresponding cycle 
of the motion winding W,,. If the sensing element is in air, the triode is closed, the LUE control winding W,, is 
























com - 
munica- 
tion chanel 


~220V / 2 PD 


Fig. 2, PD-— Push-pull pulse distributor with ferrite-diode cells; 
PS — pulse shaper; ~— distributor coupling winding. 


deenergized, and no signal is fed to the communication channel, 
As soon as the sensing element is immersed in water, the triode 
opens, and a pulse, which is supplied by the distributor element, 
appears in the LUE control winding W,. Under the action of the 
magnetomotive force of this pulse, the magnetic polarity of 
LUE is reversed (preconditioning), 








Due to the next pulse in the motion winding W,,, the LUE 
magnetic state will be changed (actuation), and a pulse, which 
is to be transmitted through the communication channel, ap- 
pears in the LUE load winding W; . It is obvious that the con- 
Fig. 3, PDE— Pulse-distributor element; verter circuit operates as a trigger, i.e., it dwells for long periods 


of time in one of the two positions; open or closed, depending 
LUE — line t el t. 
Pee on the medium in which the circuit sensing element is located, 





The converter amplifier circuit does not require a separate feed source for its operation, which constitutes 
an important advantage, 


Low-power P1 or P6 triodes are used in the circuit, According to the circuit shown in Fig. 2, a separate 
converter circuit and one distributor element are required for each point to be controlled, The circuits shown in 
Figs, 1 and 2 can be used for the transformation into electrical signals of other nonelectrical quantities, for in- 
stance volume of some friable materials, pressure and level of liquids that do not conduct electric current, etc, 
For this purpose, the converter arrangement should be supplemented by a vessel with a connecting tube that is 
readily deformable under the action of gravity or pressure. 


Figure 3 shows the diagram of such a device, The readily deformable vessel A is filled with water, and the 
sensing element is installed in the connecting tube B at the required height. 


In the case of volume determination, the vessel will change its initial shape due to the friable-material 
weight, and the vessel volume will be reduced, due to which the water level in tube B will rise, As soon as the 
sensing element is immersed in water, the converter circuit is actuated, 


If this device is used for controlling the level of a noncurrent-conducting liquid, the water level in tube B 
changes as soon as vessel A is deformed, due to the hydrostatic pressure of the liquid in which it is immersed, 


The described indirect method for volume determination can also be used in grain and other storage spaces, 
on construction sites, for controlling the filling of coal or rock bins, and especially in those cases where direct, 
weighing is difficult. 


In those cases where the primary variable quantity is a radiant-energy source, a photocell can be used as 
the sensing element in the circuit of Fig. 2 and, in dependence on the photocell illumination, the converter triode 
circuit will be closed or open. 


The principle of remote transmission of the above quantities is based on the circuit shown in Fig, 2, Work 
on the pulse-code method for signal transmission by means of the circuit of Fig. 2 is in progress. 
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Electronic simulating devices are presently used to a great extent in many fields of science and technology, 
They have gained especially widespread application in the investigation and design of automatic control systems, 
A great amount of experience in utilizing them has already been accumulated, However, until recently, the do- 
mestic literature did not comprise books which would treat, in sufficient detail, the various problems connected 
with the construction, design, and utilization of electronic simulating devices for solving different problems, 


The book reviewed here is the first of its kind, where the problems pertaining to the investigation of auto- 
matic control systems are considered in great detail, The book consists of two parts, 


The first part, which constitutes the main portion of the book (309 pages), is devoted to the basic elements 
of electronic simulating devices, their operating principles, structural characteristics, and design methods, The 
study begins with linear decision elements of various types, which are compared and analyzed, and whose applica- 
tion scope is determined, Further considerations are devoted mainly to decision elements with de amplifiers with 
large gains and negative feedback, For these elements, the author has determined the basic sources of error, and 
has given an analytical estimate of the total error, which makes it possible to determine the effect of the param- 
eters of the device elements on the mathematical-operations accuracy, From this point of view, the basic com- 
ponent of all simulating-device elements — the electronic dc amplifier — is then considered, 


Much attention is paid in the first part (152 pages) to functional converters, which are based mainly on 
diode elements, These chapters provide a large amount of generalized and systematized material concerning 
the basic diode element types used in simulating-device units; also, a finalized theory of these elements is given, 
A number of variants of universal functional converters, multipliers, and dividers are also considered, 


This section ends with a brief description of auxiliary devices for electronic mockups, 


The second section (114 pages) is devoted mainly to methodological problems connected with the applica- 
tion of electronic simulators for the investigation of automatic control systems, The first part of this section is 
concerned with the general problems of preparation, programming, and solution of equations, which is then fol- 
lowed by a consideration of the particularities encountered in simulating linear, as well as nonlinear, automatic 
control systems, 


The appendices provide the technical characteristics of some domestic and foreign-made devices, 


Thus, a considerable number of problems is analyzed in this book, Besides a generalization of the domestic 
and foreign experience gained in the design and utilization of electronic simulating devices, the book presents a 
number of original theoretical and structural developments contributed by the author (problems in the theory and 
design of diode functional converters, an analysis of decision-element errors, etc,), as well as a number of original 
developments elaborated under his guidance at IAT AN SSSR, The basic material in the book is appropriately il- 
lustrated by examples, However, it is difficult to avoid deficiencies in a first book of this kind, 
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Among the basic shortcomings, the following can be mentioned. 


1, No consideration whatever has been given in the book to problems connected with the operation of simu- 
lating devices in combination with actual equipment, although they are important in investigating automatic con- 
trol systems, 


2. Very little attention is paid to electromechanical elements, which are widely used in modern electronic 
simulating devices, 


3, Unfortunately, in the section devoted to methodology, the author did not make full use of the valuable 
material published by him in the periodical literature, 


4, One cannot always agree with the author on the question concerning the organization of the material, 
In particular, from our point of view, it would be more logical to consider the design of units for multiplication 
by constant and variable factors, lag units, etc,, in the first section instead of in the second, as was done in the 
book, 


As for the first two shortcomings, they can obviously be explained by the limited space and the main purpose 
of the book where, according to the author's intention, only electronic elements are considered. 


At the same time, it should be noted that this book greatly exceeds its scope as defined by the author in the 
title and the preface, The broad and detailed material presentation makes this book valuable and useful not only 
in designing and investigating automatic control systems, but also in solving other scientificotechnical problems 
by means of electronic simulating devices and, especially, in designing electronic analog computers, 


Generally speaking, the book deserves the greatest praise, and its publication should be welcomed, since it 
will be of great help to specialistsengaged in work on electronic simulating devices, and will promote a more 
diversified application of electronic simulating devices in various fields of science and technology. 


At the present time, the book reviewed here is being widely used as a text book at the Naval Academy of 
the Order of Lenin. 
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AND FINAL AUTOMATIC DEVICES FOR 1959 


V.D. Kazakov and O, P, Kuznetsov 


Translated from Avtomatika i Telemekhanika, Vol, 22, No, 2, pp. 275-277, February, 1961 


1. I, Ya. Aksenov, Yu. Ya, Bazilevskii, and R. R. Vasil'ev, “The second international cybernetics congress ," 
Problemy Kibernetiki 2, 311-319 (1959), 

2. A.A. Arkhangel'skaya, V. G, Lazarev, and V. N. Roginskii, "A machine for the synthesis of contact circuits," 
Problemy Peredachi Informatsii,No, 1, 41-52 (1959), 

3. Yu. L. Vasil’ev, “Minimal contact circuits for Boolean functions of four variables,” Doklady Akad. Nauk SSSR 
127, 2, 242-245 (1959), 

4. N.P, Vasil‘eva and N, O, Prokhorov, "Magnetic logical elements for automatic control circuits," 
Avtomatika i Telemekhanika 20, 12, 1647-1658 (1959), 

5. M.A, Gavrilov, “Minimization of Boolean functions characterizing relay circuits,” Avtomatika i 
Telemekhanika 20, 9, 1217-1238 (1959), 

6. V.N. Grebenshchikov, "Seminar on technical contributions to mathematical logic," Avtomatika i 
Telemekhanika 20, No, 1 (1959), 

1. 1, S. Danilyuk, "Problems in synthesizing relay circuits for fixing and commutation,” Avtomatika i 
Telemekhanika 20, No, 3 (1959). 
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V.F. D*yachenko and V, G, Lazarev, “Application of the algebra of logic for the analysis and synthesis of 
relay-contact circuits in telephony,” Collection: Logical Investigations [in Russian] (1959) pp, 450-463, 
V.F. D*yachenko, "A method of analyzing complex relay-contact circuits,” Avtomatika i Telemekhanika 
20, 10, 1417-1425 (1959), 

Yu. I, Zhuravlev, “On the construction of minimum disjunctive normal forms for logic-algebra functions,” 
Doklady Akad, Nauk SSSR 126, 2, 263-266 (1959), 

A. D, Zakrevskii, "An operator method for synthesizing algorithmic systems," Izvest, Vyssh, Ucheb, Zaved., 
No, 2, 306-315 (1959), 

A. D. Zakrevskii, “A method for synthesizing functionally stable automatic devices," Doklady Akad, Nauk 
SSSR 129, 4, 729-731 (1959), 

Ya. G, Koblents, “Design and analysis of single-cycle logical magnetic and trigger commutation circuits," 
Elektrosvyaz*, March, 73-81 (1959), 

N. E. Kobrinskii and B, A. Trakhtenbrot, “On the development of a general theory of logical nets,” 
Collection: Logical Investigations (in Russian] (1959) pp, 352-378, 

L. N. Korolev, "On the switching function of the device for table scanning,” Doklady Akad, Nauk SSSR 125, 
482-484 (1959), 

R, E. Krichevskii, "On the realization of functions by means of superpositions,” Problemy Kibernetiki, No, 2, 
123-138 (1959), 

R, E, Krichevskii, "On the complexity of the realization of functions by means of superpositions,” Doklady 
Akad, Nauk SSSR 126, 6, 1195 (1959), 

V.G, Lazarev, "A method for determining the number of relays necessary for designing a relay-contact 
circuit according to the assigned operating conditions," Problemy Peredachi Informatsii, No, 1, 53-71 (1959), 
V. G, Lazarev and Yu, L, Sagalovich, "The commutator of the machine for synthesizing contact circuits,” 
Problemy Peredachi Informatsii,No. 4, 124-132 (1959), 

Logical Investigations, Collection of Articles [in Russian] (AN SSSR Press, 1959), 

O. B. Lupanov, "On the asymptotic determination of the number of graphs with n edges”, Doklady Akad. Nauk 
SSSR 126, 3, 498 (1959). 

O, B. Lupanov, “On the asymptotic determination of the complexity of formulas representing logic-algebra 
functions," Doklady Akad, Nauk SSSR 128, 3, 464 (1959), 

T. L. Maistrova, “Equivalence of relay circuits with respect to action,” Problemy Peredachi Informatsii,No, 4, 
96-114 (1959), 

V. M. Mikheev, “On multiplicity sets containing the greatest number of Boolean vectors that cannot be com~ 
pared in pairs," Problemy Kibernetiki No, 2, 69-72 (1959), 

I, S. Morosanov and P, I, Chinaev, “Conference on the theory and application of discrete automatic systems," 
Avtomatika i Telemekhanika 20, No, 1 (1959), 

G. K. Moskatov, “List of domestic papers on the theory of relay circuits and final automatic devices for 1958," 
Avtomatika i Telemekhanika 20, 8, 1148 (1959), 

V. L. Murskii, “On equivalent transformations of contact circuits,” Doklady Akad, Nauk SSSR 127, 2, 
262-265 (1959), 

E, I. Nechiporuk, “On transformations of contact-rectifier circuits,” Vestnik LGU (Mathematics, Mechanics, 
and Astronomy),No, 13, 148 (1959), 

P, P, Parkhomenko, “Analysis of relay circuits by means of machines,” Avtomatika i Telemekhanika 20, 4, 
486-497 (1959), 

G. N. Povarov, “Logic and automation," Collection: Logical Investigations [in Russian] (1959) pp, 300-310 
Bibl, 91 title, 

G. N. Povarov, “On the logical synthesis of electronic computer and control circuits," Collection; Logical 
Investigations {in Russian] (1959) pp, 406-413, 

G, N. Povarov, "Mathematical and logical investigation of the synthesis of contact circuits with a single input 
and k outputs,” Collection: Logical Investigations [in Russian] (1959) pp, 379-403, 

G, N. Povarov, “On the structural theory of communication networks,” Problemy Peredachi Informatsii,No, 1, 
126-140 (1959), 

G. N. Povarov, “Absolutely rigid Markov nets in independent relay-contact circuits and similar determined 
systems," Problemy Peredachi Informatsii,No, 4, 85-95 (1959), 

G. N, Povarov, “Investigation of ordered contact circuits,” Problemy Peredachi Informatsii,No, 4, 133-139 
(1959), 
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B. M, Rakov, “Logical synthesis of relay-action circuits with resistors and contacts,” Collection: Logical 
Investigations [in Russian] (1959) pp, 429-432, 

B. I, Rameev and Yu, A, Shreider, “Analysis and synthesis of certain contactless discrete- action circuits," 
Avtomatika i Telemekhanika 20, No, 1 (1959), 

V.N. Roginskii, "A graphical method for designing multipole contact circuits,” Problemy Peredachi 
Informatsii, No. 1, 5-40 (1959), 

V. N. Roginshii, Fundamentals of Structural Synthesis of Relay Control Circuits [in Russian] (AN SSSR Press, 
1959) p. 167, 

V.N. Roginskii, "Operation of relay circuits during transient periods,” Avtomatika i Telemekhanika 20, 10, 
1409-1416 (1959), 

Yu, L, Sagalovich, "On the group invariance of Boolean functions,” Uspekhi Matem, Nauk 14, 6, 191-195 
(1959). 

Yu. L. Sagalovich, “On limiting the number of contact-circuit variants," Problemy Peredachi Informatsii, 
No, 4, 115-123 (1959), 

Yu. L. Sagalovich, Review of the Book “Logical Investigations"(AN SSSR Institute of Philosophy, AN SSSR 
Press, Moscow, 1959), Avtomatika i Telemekhanika 20, 11, 1544-1545 (1959), 

A. D. Talantsev, “On the analysis and synthesis of some electrical circuits by means of special logical 
operators,” Avtomatika i Telemekhanika 20, 7, 898-907 (1959), 

A. D. Talantsev, “On the analysis of potential-pulse systems by means of special transition operators,” 
Doklady Akad, Nauk SSSR 127, 2, 320-324 (1959), 

B. A. Trakhtenbrot, “Asymptotic determination of the complexity of logical nets with memory,” Doklady 
Akad, Nauk SSSR 127, 2, 281-284 (1959), 

N. A, Filippov, “A graphical method for the time analysis of relay-contact circuit operation,” AN Kirg. SSR 
Press, Natural and Tech, Sci, Sect, Publication 1, 4, 47-51 (1959), 

A. D. Kharkevich, "On commutation circuits and their logical essence,” Collection: Logical Investigations 
{in Russian] (1959) pp. 415-428. 

M. L. Tsetlin and L. M, Shekhtman, “Push-pull ferrotransistor circuits and the algebraic method of their 
synthesis," Problemy Kibernetiki, No, 2, 139-180 (1959), 

V.1, Shestakov, “Simulation of operations of the calculus of propositions by means of relay-contact circuits," 
Collection: Logical Investigations [in Russian] (1959) pp, 315-351, 

V.1, Shestakov, “The perforated-card method of synthesizing multicycle-multiposition relay systems," 
Avtomatika i Telemekhanika 20, 11, 1496-1506 (1959), 

A. N. Yurasov, “Analytical synthesis of multicycle circuits by means of connection formulas," Collection: 
Logical Investigations [in Russian] (1959) pp, 442-449, 

S. V. Yablonskii, “On the impossibility of eliminating the surplus of all functions from P, in solving certain 
circuit-theory problems," Doklady Akad, Nauk SSSR 124, No, 1 (1959), 

S. V. Yablonskii, “Basic cybernetics concepts," Problemy Kibernetiki,No, 2, 7-38 (1959), 

S. V. Yablonskii, "On algorithmic difficulties in the synthesis of minimal contact circuits,” Problemy 
Kibernetiki,No, 2, 75-122 (1959), 


All abbreviations of periodicals in the above bibliography are letter-by-letter transliter- 
ations of the abbreviations as given in the original Russian journal. Some or all of this peri- 
odical literature may well be available in English translation. A complete list of the cover-to- 
cover English translations appears at the back of this issue. 


LIST OF FOREIGN LITERATURE ON MAGNETIC COMPONENTS WHICH ARE 
USED IN AUTOMATION, REMOTE CONTROL, AND COMPUTER TECHNIQUES 
FOR 1959 
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General Problems, Terminology, Bibliography, Standardization, etc, 





M, Ikeda, "Standard for magnetic materials and their testing,” Ohm, Electr, Mag, 45, 8, 194-196 (1958) 

{in Japanese], 

L, Lewin, Monographs published individually this month, J, IEE 5, 52, 245 (April, 1959), 

1957 Magnetic Amplifier Bibliography (AIEE Committee Report) Commun, and Electronics,No, 40, 

pp. 1051-1057 January, 1959), 

"Magnetic amplifier conference stresses applications," Elec, Manufacturing 64, 6, 149-151 (Fig. 6) (1959), 
M. Mamon, “One from Russia,” Control Engng.,No, 10, 208-209 (1959) (Communication concerning the book 
Magnetic Amplifier Design by N. P. Vasil'eva, O. A. Sedykh, and M, A. Boyarchenkov), 

W. L, Morgan, “Bibliography of digital magnetic circuits and materials,” Trans, IRE on Elec, Computers EC-8, 
No, 2, 143-158 (1959), 

“Proposed standard test codes for magnetic amplifiers,” Trans, AIEE 78, 453-546; Commun, and Electronics, 
No, 44, 453-456 (1959) [Annotated Index of Radio Electronics Literature 3, ref, No. 1155 (1960)fin Russian}, 
"Recommended symbols for magnetic-amplifier papers," A Report, Commun, and Electronics, No, 45, 
519-521 (1959) bibl. 1. 

T. B. Rymer, “Summerized proceedings of a conference on solid-state memory and switching devices,” 

Brit. J. Appl. Phys, 10, No, 4, 153-158 (Fig. 7) (1959) bibl, 12, 

“Special technical conference on nonlinear magnetics and magnetic amplifiers, Washington, D. C., 

Sept, 23-25, 1959," AIEE (1959) p, 383, Fig, 297, Table 15, Bibl, 191, 

Tashiro, “Survey of magnetic-amplifier patents," Ohm, Electr, Mag. 45, No, 8, 115-119 (1958) [in Japanese}, 
“Translation of Soviet "Magnetic Amplifiers," Elec, Engng. 78, 7, 771 (1959) (Communication on the 
decision of the AIEE Subcommittee on Magnetic Amplifiers concerning the translation of M, A, Rozenblat's 
book Magnetic Amplifiers, with short review]. 


Ferromagnetic Materials, Cores 





a) Magnetic Materials 





E. Albers-Schoenberg, “Ferrites,” J, Am, Ceram, Soc, 41, 11, Pt, 2, 484-489 (1958 “Ferrites,” 
Elektrotekhnika Abstr, J.,No. 1, 860 (1960)}. 

W. Arrott, "New developments in magnetic materials and applications," Elec, Manufacturing 63, No, 2, 
56-67 (1959) (Fig. 21, Table 9), 

F, Berlinghoff, Neuere Entwicklung der Ferrite, ETZ, Ausg. A 1959, Bd, 80, No, 17, pp. 600-605 [Russian 
translation; GPNTB, No, 1240 (1960), New Ferrite Developments]. 

R, Roll, Metallische Magnetwerkstoffe und Kernformen in der Nachrichtentechnik, ETZ, Ausg, A 1959 

No, 17, pp. 582-587 [Metallic magnetic materials and core types in communication techniques}, 

A, Boltax, "Behavior of semiconductor and magnetic materials in radiation environment,” Elec, Manufacturing 
63, 3, 90-95 (1959) (Fig. 10, Bibl, 9), 

J. C, Betts, “Hysteresis torque limits lifted with new magnetic alloy,” Elec, Manufacturing 63, 3, 101-104 
(1959) (Fig. 6). 

B. R, Budny, "A new “square loop" ferrite and its potential fields of application" Proc, 1959 Electron, 
Compon, Conf,, Philadelphia, Pa., S. J. 1959, pp. 122-127, (Russian translation: Express Information: 
Vychisl, Tekhnika,No, 18 (1960)}. 
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S. Chikazumi, “Contemporary investigations of magnetic materials in the U.S.A,," Om. Denki Zassi (Ohm, 
Electr, Mag.), 45, No. 8, 18-21 (1958) [in Japanese}. 

W. Dabrowski and T, Postupolski, Zastosowanie ferryt6w w technice teletransmisji przewodowej.— Przeglad 
Telekomunikacyjny, 31, No, 8-9, 252-267 (1958), Fig. 11, Table 4. [Application of ferrites in wire communi- 
cation techniques], 

M, Destrade, Que sont — ferrites? — Ingrs automob, 32, No, 5, 325-334 (1959) [What are ferrites? ] 

C, Durrante, Contribution 4 1’étude du basculement d'un noyau ferromagnétique alimenté par une source 
parfaite de tension.— C. R. Acad, Sc, 248, No. 24, 3412-3414 (1959), [Contribution to the study of magnetic 
polarity reversal in Ferromagnetic cores fed by an ideal voltage source]. 

G, Economos, A guide to ferromagnetic ceramics, Part 2, Square loop ferrites, microwave ferrites, permanent 
magnet ceramics, Mater, Design Engng. 48, No.4, 109-114 (1958) [Elektrotekhnika Abstr, J., 6 (1960), ref. 1, 
1491.) 

H, Fahlenbrach, Magnetische Werkstoffe.— Techn, Mitt. Krupp. 17, 95-99 (1959), [Magnetic Materials}. 





Le Ferrite, matériaux-clé de 1"électronique.— Telonde, No. 3, 4-13 (1958), [Ferrites as key materials in elec- 
tronics], 

G, Finke, Metallische, weichmagnetische Werkstoffe fir die Elektrotechnik,— Elektro- Anz., 1959, Bd, 12, Nr,39- 
40. SS. 403-405, [Russian translation: Express Information: Elektrotekhnika, 6 (1960) No. 32, Metallic magneti- 
cally soft materials in electrical engineering}. 

J. Gorski, Ferrytowe rdzenie litowo-cynkowe w. cz.— Przeglad Telekomunikacyjny, 1958, R. 31, No. 8-9, 

8, 248-249, rys, 4, [Lithium-zinc ferrite cores]. 

C, Hack and H, Reiner, Rechteckferrite und die Priifung ihrer Speichereigenschaften,— Nachrichtentechn, Z., 
1958, Bd, 11, Nr. 7, SS, 360-369, [Elektrotekhnika Abstr, J., 5, ref. 1. 1189 (1960). Square-loop ferrites andthe 
testing of their properties as memory devices}. 

W. Haken and C, Haza-Padlitz, Ferritkérper mit temperaturunabhangigen gyromagnetischen Eigenschaften,— 
Arch, Elektr, Ubertragung, 1959, Apr., Bd, 13, Nr. 4, SS, 157-160, Fig. 4, Bibl. 5. [Ferrite cores whose gyro- 
magnetic properties are independent of temperature]. 

G, Hellbardt and H, Staeblein, Zwei Beispiele de Weiterentwicklung von weichmagnetischen Werkstoffen,— 
ETZ, Ausg. A, 1959, Nr. 17, SS. 570-576. [Two examples of the development of magnetically soft materials], 
F, Hengelhaupt, Die Verlustziffer von Transformatorenblechen bei Mittelfrequenz.— Deutsche Elektrotechnik, 
1959, Bd, 13, SS, 93-99. [Losses in transformer steel at intermediate frequencies]. 

A, A, Hirsch, Double hysteresis loops in ferromagnetic crystals.— J. Phys, et Radium, 1959, vol. 20, No, 2-3, 
pp. 262-263, 

L, Hroudny, Teplotni kompensace kovovych praskovych ferromagnetickYch materialu.— Slaboproudy Obzor, 
1959, Cerven, R. 20, No. 6, s, 349-353, rys, 9, bibl. 3. [Temperature compensation of metallic powder ferro- 
magnetic materials]. 

A.C, Hudson and E, J. Stevens, Data on ferrite core materials,— Electronic Engng, 1958, vol. 30, No, 370, 

pp. 718-719, Bibl. 2. 

S. Ikeuchi, "Modern development of materials with high initial permeability and saturation induction and their 
magnetic characteristics,” Om. Denki Zassi, Ohm, Electr, Mag., 1958, vol. 45, No. 8, pp. 34-51 [in Japanese], 
T. Karasawa, “Ferrites and Magnetostriction,” Om Denki Zassi, Ohm, Electr, Mag., 1958, vol, 45, No, 8, 

pp. 55-60 [in Japanese], 

N. Kawai and H, Nakamura, “Ferrite-based magnetic materials," Om, Denki Zassi, Ohm, Electr, Mag., 1958, 
vol, 45, No, 8, pp. 61-66 [in Japanese]. 

D, KShler, Der Frequenz- und Temperaturgang der komplexen Permeabilitat hochpermeabler Ferrite.— Arch, 
Elektr, Ubertragung, 1959, Bd, 13, 1, Nr. 1, SS, 1-12, Fig. 18, Bibl, 36. [Frequency and temperature character- 
istics of the complex permeability of high-permeabi lity ferrites]. 

M. Kornetzki, Perminvarferrite.— ETZ, Ausg. A, 197, Bd, 80. Nr. 17, SS, 605-609 (Russian translation :GPNTB, 
No, 1241 (1960). Perminvar Ferrites,] 

J. Krdél, Urzadzenie do szybkiego automatycznego zapisu zmian przenikalnosci magnetycznej materialow mag- 
netycznych w funkcji temperatury.— Przeglad Telekomunikacyjny, 1958, R, 31, No. 8-9, s, 250-251, rys, 5, 
[Recording of magnetic permeability variations in dependence on temperature}. 

H, A. Lewis and J, E. Mitch, Effects of environment on the magnetic properties of toroidal cores.— Proc, 
C.M,A., 1959, Washington, AIEE, 1959, pp. 347-357, Fig. 9, Table 4, 

Magnetic materials.— Toshiba Rev., 1958, vol. 13, No.4, pp. 451-461 [in Japanese]. 

K. Mihara, “Modern developments of square-loop materials and their magnetic properties," Om. Denki Zassi, 
Ohm, Electr. Mag., 1958, vol. 45, No. 8, pp. 42-48 [in Japanese]. 
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T. Moriwaki, Y. Shimazu, J, Futami, T, Nakajima, T, Kabota, and T, Oda, "Modern magnetic materials and 
their role in the development of the communications industry,” Om, Denki Zassi, Ohm. Electr, Mag., 1958, 
vol, 45, No, 8, pp, 89-110 [in Japanese]. 

Neue weichmagnetische Werkstoffe und ihre Anwendung.— VDI-Z, 1959, Bd, 101, Nr. 20, S, 816 [New magneti- 
cally soft materials and their application], 

W. M. Overn and V. J. Korkowski, Study of the residual states of ferrite cores in computer memory operation.— 
J. Appl. Phys., 1959, Suppl. to vol. 30, No. 4, pp. 52S-53S, Fig, 1, Bibl, 1. 

M, Pasnak and R, H, Lundsten, Effects of high temperature on magnetic properties of core materials,— J, Appl. 
Phys., 1959, Suppl, to vol. 30; No, 4, pp. 107S- 1085S, 

F, Pawlek, Zukunftsaussichten fiir die Entwichlung magnetischer Werkstoffe,— ETZ, Ausg, A, 1959, Nr. 17, 

SS, 651-655 [Future prospects for the development of magnetic materials}, 

A, Pierrot, J. Lescroel, B. Grabowski, and C. Guillaud, Perfectionnements aux matériaux ferromagnétiques a 
cycle d'hystérésis rectangulaire. [Improvement of square-loop ferromagnetic materials]. 

H, Reinboth, Technologue und Anwendung magnetischer Werkstoffe,— Berlin (Technik), 1958, S, 379. [Tech- 
nology and application of magnetic materials}, 

C. E. Richards, Some recent developments in magnetic alloys,— IRE Trans, and Component Parts, 1959, 

vol, CP-6, No, 2, pp, 119-122, Bibl. 6. 

L. Ruess, Uber die Richtungsabh4ngigkeit magnetischer Eigenschaften von Elektroblechen und thre Messung.— 
ETZ, Ausg, A, 1959, Nr. 17, SS, 588-592 [Anistropy of the electrical steel magnetic properties and their meas- 
urement}, 

E, I, Salrovitz, G, C. Bailey, and A, I, Schindler, Effect of neutron irradiation on the Curie temperature of a 
variety of ferrites.— J. Appl. Phys., 1958, vol, 29, No, 12, pp, 1747-1748, Fig, 2, 

A, Schinkmann, Herstellung und Weiterentwicklung weichmagnetischer Ferrite,— Nachrichtentechnik, 1959, 
Bd. 9, Nr. 9, SS, 392-395, Fig, 11, Bibl. 4 [Production and further development of magnetically soft ferrites}. 
W. L. Shevel, Observations of rotational switching in ferrites, J. Res. and Development, 1959, vol, 3, No, 1, 
pp. 93-95, Bibl. 4. 

J. Shichiyo, "Magnetic materials,” Denki Tsushin Gakkai Zassi, J, Inst, Electr. Commun, Engrs, Japan, 1958, 
vol, 41, No, 4, pp. 443-447 [in Japanese], 

G, Sideris, Soft magnets for amplifiers. (Choice of magnetic amplifier core materials broadens as new square- 
loop and high-permeability alloys are added to the old stand-bys,)— Elektronics, 1959, vol, 32, No. 6, p. 55, 
Table 2, 

P, U. Sukhadia, Applications of ferrites,— Radio Serv., 1958, vol, 20, No, 4, pp, 11-15, 18, 

K, Takahashi, “Modem developments of magnetic materials and their characteristics, Silicone steel sheets and 
strips, Om, Denki Zassi, Ohm, Electr, Mag., 1958, vol. 45, No, 8, pp. 22-23 [in Japanese], 

K, Takahashi, “Table of magnetic material properties,” Om, Denki Zassi, Ohm, Electr, Mag., 1958, vol, 45, 
No, 8, pp. 208-216 [in Japanese]. 

R. Wadas, W lasnogci ferryt6w Mg— Mn i Mg~Zn~- Mn o prostokatnej petli histerezy.— Przeglad Telekomuni- 
kacyjny, 1959, I, No. 1, s, 14-1, Bibl, 11, [Properties of Mg—- Mn and Mg~ Zn- Mn ferrites with rectangular 
hysteresis loops]. 

M, Wakai, "Modern magnetic materials and their application,” Om, Denki Zassi, Ohm, Electr, Mag., 1958, 
vol, 45, No, 8, p. 17. 


b) Magnetization Processes and the Dynamic Characteristics of Ferromagnetic Materials 


A, Arrott, and J, E, Goldman, Fundamentals of Ferromagnetism.— El, Manufacturing, 1959, March, vol. 63, 
No, 3, pp, 109-140, Fig. 47, Bibl, 6. 

L, F, Bates, H, Clow, D. J. Craik, and P, M, Griffiths, Magnetization processes in a polycrystalline manganese 
zinc ferrite.— Proc, Phys, Soc,, 1958, vol, 72, No. 2, pp, 224-232, 

E, M. Bradley and M, Prutton, Magnetization reversal by rotation and wall motion in thin films of nickel-iron 
alloys,— J. Electronics and Control, 1959, vol, 6, No. 1, Series 1, pp, 81-96, Fig. 11, Bibl. 7. 

E, W, Lee, A. G, Troughton, and D, R. Callaby, Eddy current losses in 65/35 nickel-iron,— Proc, Phys, Soc., 
1959, vol. 73, No, 1, pp, 133-136, 

L. Neel, Repétition des cycles d*hystérésis,— Colloq, nat. magnetisme commémoratif oeuvre Pierre Weiss, 
Strasbourg, 9-10 juill, 1957, Paris, SNRS, 1958, pp. 75-77, Bibl, 5, [Elektrotekhnika Abstr, J., 5, ref, 1. 1176 
(1960), Hysteresis loop creep], 

K. Sixtus, Die Rolle der magnetischem Nachwirkung in den Werkstoffen der Technik.— ETZ, Ausg. A, 1959, 
Nr, 17, SS,565-570, [The role of magnetic aftereffect in technological materials). 
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J. Sommer, Zkresleni hysteresni krivky pisoben{m virivych proudh.— Sb. vedec, pracf Vysoké %koly Banske 
Ostrave, 1958, R. 4, No.6, s. 581-585, [Hysteresis loop distortion due to eddy currents], 


c) Core Design and Production Technology 





H, Brechna, Einfluss von Form und Bauart der Transformator—Eisenk6rper auf die Ummagnetisierungsverluste,— 
Scientia Electr,, 1959, Bd.5, Nr, 1, SS, 1-18, [Effect of the shape and structure of transformer cores on magneti- 
zation reversal losses). 

Design Parameters of Ferrite Magnetic Amplifiers,— Military Systems Design, 1959, vol. 3, No. 3, pp, 146-147, 
Fig. 3. 

H, Fuohse, Kernwerkstoffe und Kernbauformen fiir magnetische Verstarker.— VDI, 1959, Bd, 101, Nr. 9, SS, 341- 
342, [Design of and materials for magnetic amplifier cores). 
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EVENTS 


SEMINAR ON TECHNICAL CONTRIBUTIONS 
TO MATHEMATICAL LOGIC (1959-1960)* 


V. P. Goncharov 


Translated from Avtomatika i Telemekhanika, Vol, 22, No.2, pp. 292-294, February, 1961 


Since Autumn, 1959, the Seminar on Technicai Contributions to Mathematical Logic continued its work 
under V, I, Shestakov's direction, Among the Seminar participants were lecturers, scientific workers, and engineers 
from a number of scientific-research institutes and colleges, including the Institute of Automation and Remote 
Control of the Academy of Sciences of the USSR, the Laboratory for Communication Systems of the Academy of 
Sciences of the USSR, the Applied Mathematics Department of the Academy of Sciences of the USSR, and the 
Moscow State University. In all, seventeen sessions were held, where sixteen reports were heard and discussed, 


The report by V. 1, Shestakov, entitled “Analog mockups of control systems" (February 26 and March 4, 1960), 
was devoted to the mathematical simulation of analog control systems, As was mentioned by M, L, Tsetlin, the 


heart operation served as a prototype for these mockups, This report has been published [Doklady Akad, Nauk SSSR 
131, No, 6 (1960)}, 


In his report, “On technical logic problems,” which was presented May 20, 1960, G. N, Povarov gave a de- 
tailed presentation of the technical logic concept, which was closely related to his article ,"Logic in the service of 
automation and technical progress* [Voprosy Filosofii, No, 10 (1959)], According to the author's opinion, technical 
logic is concerned with logical relations between phenomena in technical systems and, especially, in discrete de- 
termined systems, Functional theories of discrete determined systems have a preeminently logical character 
(logical analysis, logical synthesis, and logical programming of relay circuits, automatic computers, etc.), More- 
over, technical logic is concerned with the simulation of logical processes (logic techniques — logical machines, 
etc.), The tool of technical logic is the mathematical (symbolic) logic calculus in the broad sense, which can be 
considered partly as ideography and partly as logical mathematics in contrast to the logic of mathematics or 
mathematical logic in the narrow sense (the theory of mathematical proofs, theory of the foundation of mathematics, 
etc.); mathematical logic and technical logic have useful points in common; however, generally speaking, they 
are independent of each other. 


On June 23, 1960, Zemanek (Austria) reported on his paper, “Solution of logical equations” [the contents of 
this paper have already been presented by V. P. Goncharov at the Seminar session held on May 29, 1959; see 
Avtomatika i Telemekhanika 21, No, 1 (1960)}, In discussing this report, M, L, Tsetlin remarked that the method 
of writing the solutions of equations in terms of Boolean algebra, which was proposed by Zemanek, can be widely 
used in synthesizing circuits with feedback. V.1I. Shestakov noted that Zemanek'’s suggestion to use the symbol 
"!" for denoting the impossibility of obtaining a solution is an important innovation;the introduction of this sign 
makes it possible to write any solution of a logical equation. 


The reports by I, L. Oifa, A. D. Zakrevskii, Yu. L. Sagalovich, A. D, Talantsev, and O, P, Kuznetsov, and 
two (of three) reports by V. M. Ostianu were devoted to various theoretical problems in the analysis and synthesis 
of relay-contact circuits, 


*The Seminar activities until September 1959 have been reported in Avtomatika i Telemekhanika 18, No, 10 (1957); 
20, No, 1 (1959); and 21, No, 1 (1960), 
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On October 9, 1959, I, L, Oifa read his report, “Topology of a neuron relay mockup.” After considering 
various two-dimensional relay circuits, the author came to the conclusion that, from the point of view of effi- 
ciency, skeleton-symmetrical iterative circuits are the most satisfactory, By the term efficiency, it has been sug- 
gested to denote the optimum ratio of the circuit inform ation capacity in bits to the number of elements in this 
circuit, The efficiency is the greater, the greater the number of closed loops that can be obtained with a given 
number of elements, The author found that a nine-element space-symmetrical circuit is the most efficient, Con- 
sidering two types of inversions for this elementary space circuit, he further arrived at the conclusion that addi- 
tional circuit improvements with the aim of realizing more complex logical functions, while maintaining the 
same efficiency, is possible only by means of a skeleton-symmetrical circuit which is isomorphous with an ico- 
sahedron. 


The last part of the report was devoted to an attempt to construct a relay-contact neuron mockup on the 
basis of the above conclusions, As was shown in the discussion, such attempts are premature, since no sufficient 
data on neuron properties are yet available for an accurate statement of the problem, 


In his report, “Certain problems in the matrix method for synthesizing relay circuits," which was read on 
October 16, 1959, A. D, Zakrevskii presented an original method for synthesizing functionally stable automatic | 
devices, A, D, Zakrevskii considers as functionally stable those automatic devices whose functional properties 
cannot change if only one element of these devices breaks down in operation during any sufficient small time in- 
terval T (the period of time during which the automatic device is checked and its structure restored), The high 
reliability (stability) of the automatic device is secured by the possibility of replacing elements or units as they 
break down, A. D, Zakrevskii's method for synthesizing functionally stable logical (n,m)-poles is similar to 


Hemming'‘s method of noise-stable coding in communication systems, and represents a certain generalization of 
the latter. 





In his report, "On a measure of the order in Boolean functions,"* which was presented on October 30, 1959, 
Yu, L, Sagalovich introduced as a measure of the order of a Boolean function the minimum number of sets of vari- 
able values for which the function is completely identified, It was shown how this number should be found for dif- 
ferent ordered functions, for instance, for functions with an inertia group, functionally-divisible, nonrecurring II- 
class functions, particular functions, and others, 


- This report has been published in Izvest, Akad, Nauk SSSR, Tech, Sci. Div., Power Engineering and Automa- 
tion No, 1 (1960), 


A. D, Talantsev presented two closely related reports, In his report, “Logic algebra filtration operators in 
the small,” which was read on March 18 and April 8, 1960, A. D. Talantsev presented a continuation of the work 
which he began with the introduction of logic algebra operators, formalizing changes in the logical variable values 
[see Avtomatika i Telemekhanika 20, No, 7 (1959)]. This paper is devoted to the logical investigation of the so- 
called “mixed” information processing systems, where information is assigned in discrete, digital, as well as in 
analog form. Such systems are asynchronous, and the necessity arises of distinguishing in such systems the char- 
acteristics of the input-signal behavior “in the small,” i.e., in the neighborhood of an arbitrary instant of time, 
Such discrimination can be secured by electrical filters, Considerable space in the report was devoted to the de- 
termination of the’Z-type logical variable," which is a generalization of the potential, and the pulse logical vari- 
ables, The following operators for the Z-type variable were then introduced: the state operator S(,), the discrete- 
ness operator i(,), the pulsed condition operator I(,), the potentiality operator p(,), the transition operator d(,), and 
the change operator D(,), The last two operators are identical to those introduced earlier (see the journal cited), 
All these operators, which are called “filtration operators in the small,” can be simulated by various electrical 
filters, Thus, for instance, the p(,), operator can be simulated by means of a low-frequency filter; the i(,) operator 
by a high-frequency filter, the d(,) operator by a frequency band filter, etc. 





It was shown in the report that the introduced system of operators is complete in the sense that any combina- 
tion of the Z-type variable values in the recent past, present, and near future can be simulated by applying to Z 
any of these operators, or a certain number of them, A. D. Talantsev also indicated the possibility of constructing 
an axiomatic system which would reflect, to a certain degree, the logic of states of events, 


*In the letters of invitation to the Seminar session, this report by Yu. L. Sagalovich was entitled “Entropy of 
Boolean functions as a measure of their order,” 
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The other report by A. D. Talantsev, “An application of transition operators for the analysis and synthesis 
of final automatic devices,” which was presented on January 15, 1960, was devoted to technical contributions con- 
cerning one of the logic algebra “filtration operators in the small"— the transition operator, The report was con- 
cerned with the so-called complex supply systems. A system from the field of electrical power engineering was 
used as an example to demonstrate how logical nets can be simplified by using the transition operator d in analyz- 
ing them, A. D, Talantsev explained, by means of an example, how the potential-pulse forms, describing the cir- 
cuits,can be integrated, 


On April 22, 1960, O. P, Kuznetsov presented his report, "On asynchronous logical nets." Such nets differ 
from the synchronous logical nets devised by Burkes and Wright by the fact that the lags in them are not equal, 
and that the action at the inputs of the elements and the supply of the output values are continuous, C, P, Kuz- 
netsov expressed the functional relations between the inputs, states, and outputs of asynchronous logical nets (ALN), 
and he showed that the ALN class is wider than the class of final automatic devices in two respects; 1) self-con- 
tained ALN can produce nonperiodic-state sequences; 2) there exist ALN which represent irregular events, 


On November 27, 1959, V. M. Ostianu presented her report, "On a class of scaling circuits,” which was de- 
voted to signal-corrector circuits, Three methods for correcting signal errors were presented: the Hemming meth- 
od, the Gavrilov method, and the Varshamov method, The procedure to be used in designing corrector circuits 
was considered for each of these methods. Developing the material which has been published [see Bull, Math, de 
la Soc, Sci, Math, Phys, de la R.P.R, 2 (50). No. 3 (1958)], V.M, Ostianu extended her method of corrector - 
circuit design for the Gavrilov method to the case of different C,,C,,... Cp functions, and she proved that a 
rectifier circuit constructed according to her method will not contain more than 2[2P — (p + 1)] rectifiers. 


On May 6, 1960, V. M. Ostianu presented her report, “Linear methods of coding for nonbinary error-correct~- 
ing codes," which was concerned with the properties of linear nonbinary error-correcting codes, the method of 
their composition, and the determination of the number of signals in these codes, The reported results represent 
a development of the material in R, R. Varshamov's papers* for a code base b > 2, 


The reports by A. M. Nechaev, A. S. Kotosonov, Daniel Muska, and A, D, Gorid"ko were devoted to the 
description of new circuits and machines for logical operations, 


On December 11, 1959, A. M, Nechaev presented his report, "Ferrite-diode impedance circuits and their 
synthesis," which was devoted to a new universal element by means of which it is possible to simulate any logic- 
algebra function of arbitrary complexity, The possible technical uses of such elements were also described. 


The report by A. S. Kotosonov, entitled “Logical nets based on cold-cathode thyratrons,” which was pre~ 
sented on December 18, 1959, was devoted to new circuits for simulating logic-algebra functions, 


Daniel Muska (Hungary) presented his report, "On the Szeged logical machine ,” on January 22, 1960, The 
first communication concerning this machine was presented by Professor L, Kalmar at the All-Union Conference 
on the Theory of Relay-Action Devices, which was held in 1957 in Moscow.* * 


On May 20, 1960, A. D. Gorid*ko reported on his circuit for a loss-proof game machine, and its algorithm, 


On September 25, 1959, V. M. Ostianu presented the essence of G. K, Moisila’s book Algebraic Theory of 
Automatic Devices, which was the first monograph on the theory of relay devices to be published in the Rumanian 
People's Republic, This book provides the results obtained in investigations performed by the author and his 
disciples, Not only the algebra of logic, but also multivalue logic and the theory of finite fields are used in the 
exposition, After discussing the contents of G, K, Moisila's book, the Seminar reached the conclusion that this 
book should be translated into Russian. 


*Doklady Akad, Nauk SSSR 117, 5, 739 (1957); also Collection: Trudy Nauchno-Tekhnicheskogo Obshchestva 
Radiotekhniki i Elektrosvyazi im, A. S. Popova,No, 1 (1958), 
* * Avtomatika i Telemekhanika 19, No, 9 (1958) (Survey by G. K. Moskatovy and V, M, Ostianu), 


253 





